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Zusammenfassung

Die vorliegende Arbeit behandelt ein Verfahren zur Diskretisierung und Loésung der hochdi-
mensionalen Kolomogorov Riickwérts-Gleichung, welche beispielsweise bei der Bewertung von
Optionen auf multivariaten Sprung-Diffusionsprozessen auftritt. Um dieses hochdimensiona-
le Problem effizient behandeln zu kénnen, wenden wir zunéchst eine ANOVA-Zerlegung und
Trunkation auf die Anfangsbedingung an und erhalten so eine Superposition von nieder- und
moderatdimensionalen Problemen. Diese partiellen Integro-Differentialgleichungen diskretisie-
ren wir mit einem 6-Schema in der Zeit und mit einem verallgemeinerten diinnen Gitter im
Ort. Zur Losung der entstehenden linearen Gleichungssysteme verwenden wir neue additive
Vorkonditionierungsverfahren sowie eine effiziente Implementierung der Operatoranwendung
fiir nicht-lokale Operatoren. Die Kombination dieser Methoden versetzt uns in die Lage, die
Kolmogorov Riickwirts-Gleichung fiir hochdimensionale Sprung-Diffusionsprozesse effizient zu
16sen, was wir mit der numerischen Bewertung einer Européischen Option demonstrieren, die
auf einem zehndimensionalen Kou-Modell basiert.

Der erste Beitrag dieser Arbeit besteht in der Untersuchung, unter welchen Voraussetzun-
gen wir mit einer ANOVA-Zerlegung der Anfangsbedingung oder der Losung die Kolmogorov
Riickwérts-Gleichung in eine Superposition von niederdimensionalen Teilproblemen iiberfiihren
konnen. Bisherige Ansétze setzen zumeist eine multivariate Brownsche Bewegung voraus, de-
ren Kovarianzmatrix diagonal ist. Wir fordern schwéchere Voraussetzungen und konzentrieren
uns von Beginn an auf Sprung-Diffusionsprozesse. Hierbei behandeln wir auch Alternativen zu
der in der Literatur géngigen Anker-ANOVA. Schlieflich rekombinieren wir die numerischen
Teillésungen, um eine Approximation der Gesamtlosung zu erhalten.

Der zweite Beitrag der Arbeit besteht in der additiven Vorkonditionierung des Diinngitter-
Erzeugendensystems. Anders als beim vollen Gitter fiihrt ein Multilevelansatz mit Jacobi-
Skalierung fiir H'-elliptische Probleme nicht zu Konditionszahlen, die sich unabhiingig von
der Dimension d oder dem Diskretisierungslevel J beschréinken lassen. Wir beschreiben ein
Lineares Programm, das die Skalierungsfaktoren der Operatormatrix mit dem Ziel einer mog-
lichst kleinen Konditionszahl optimiert. Wir beweisen, dass sich selbst bei der besten positiven
Skalierung die Konditionszahl im H!-Fall wie ©(.J%2) verhilt. Gestatten wir hingegen negati-
ve Skalierungsfaktoren oder alternativ eine block-diagonale Vorkonditionierungsmatrix, erzielen
wir fiir eine gewisse Klasse von Problemen, zu denen auch das Poisson-Problem gehort, O(1)
Konditionszahlen unabhéngig vom Level J und der Dimension d. Fiir den Laplace-Operator
und das regulére diinne Gitter beobachten wir sogar fallende Konditionszahlen bei fixiertem
Level J und steigender Dimension d. Unsere Vorkonditionierer kdnnen ohne Prewavelets und
mit linearem Aufwand in der Anzahl der Unbekannten implementiert werden. Weiterhin setzen
wir ein nicht-lineares Verfahren ein, das im Kontext der diinnen Gitter auch als OptiCom be-
zeichnet wird und die in jedem Iterationsschritt optimalen Skalierungsfaktoren bestimmt. Wenn
der Operator eine Darstellung als Summe von Produktoperatoren zuldsst, ist die Implementie-
rung der OptiCom dank einer speziellen Matrix-Vektor-Multiplikation in log-linearer Laufzeit
beziiglich der Anzahl der Freiheitsgrade moglich, was eine deutliche Verbesserung im Vergleich
zum quadratischen Aufwand darstellt, der typischerweise bei der Umsetzung der OptiCom notig
ist. Weiterhin geben wir CG-Varianten fiir alle beschriebenen Verfahren an.

Der dritte Beitrag dieser Arbeit ist die Einfilhrung eines mehrdimensionalen Kou-Modells
und die numerische Umsetzung und Zusammenfiihrung der beschriebenen Verfahren. Hierzu
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gehort die Beschreibung des unidirektionalen Prinzips fiir nicht-lokale Operatoren sowie die
Entwicklung einer neuen Rekurrenzformel fiir die Kou-Operatoranwendung im Galerkin-Fall.
Wir koénnen die Trunkationsfehler der Anker- und Gauss-ANOVA-Zerlegung der Anfangsbe-
dingung mit einem Monte Carlo-Verfahren bestimmen, und kombinieren schlieflich die Anker-
ANOVA mit unserem Diinngitter-Loser fiir partielle Integro-Differentialgleichungen. Anhand
einer kurzen Fehlerdiskussion demonstrieren wir, dass sich ANOVA-Approximationsfehler und
Diskretisierungsfehler gegenldufig entwickeln, was sich in unseren Experimenten bestéatigt.

Insgesamt konnen wir nun die hochdimensionale Kolmogorov Riickwéarts-Gleichung fiir be-
stimmte multivariate Sprung-Diffusionsprozesse numerisch effizient behandeln. Mit unseren Er-
gebnissen im Bereich der Operatoranwendung und der Vorkonditionierung bleibt der Gesamt-
aufwand des Verfahrens linear in der Anzahl der Freiheitsgrade, und wir kénnen erstmalig
Probleme, die auf einem zehndimensionalen Kou-Modell basieren, mit einer hinreichenden Ge-
nauigkeit 16sen. Dies wére mit klassischen Tensorproduktansétzen ohnehin unmoglich, aber
auch der Diinngitteransatz profitiert substanziell von der anfanglichen ANOVA-Zerlegung und
Trunkation.
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1 Introduction

The relevance of mathematical models to many areas like finance, business intelligence and
health care is increasing rapidly. The ever-growing means of data collection, storing and analy-
sis lead to more complex and numerically challenging mathematical models. This development
can be observed quite well in option pricing: In 1973, Black, Scholes [BS73| and Merton [Mer73|
published their seminal work, which allowed to determine the fair price of an option under a
set of assumptions, among them that security prices follow a geometric Brownian motion with
constant volatility. Of course, the notion of continuous sample paths does not hold in prac-
tice simply because of limited trading hours or sudden market events. This motivated the
jump-diffusion model [Mer76|, where security prices do not only follow the geometric Brownian
motion but can also exhibit log-normally distributed jumps. However, it has become clear that
the general assumption of log-normality is questionable since the normal distribution underes-
timates the probability of extreme events. In general, daily returns of six standard deviations
can practically be observed in most markets [CT04|, although a market move of that magnitude
would theoretically occur only about once in a million years. The Kou-model [Kou02| with dou-
ble exponential jump-diffusion tries to account for the leptokurtic feature of returns. Of course,
there is a myriad of other approaches, cf. [CT04], that can also account for heteroscedasticity
like stochastic volatility models [Hes93| or time-changed Brownian motions [MCC98|. Analyt-
ical option pricing formulae do not exist for all cases, and often, instead of the Black-Scholes
partial differential equation (PDE), a partial integro-differential equation (PIDE) has to be
solved. The aspect of multi-dimensionality also comes into play when we deal with stochastic
volatility components and options on multiple underlyings like interest-rate swaps or indices,
ultimately resulting in multi-dimensional PIDEs.

In this thesis, we discuss a numerical solution method for certain instances of the high-
dimensional backward Kolmogorov equation (BKE)

3} 0?
aV(t s szl 0jkSiSh g5 O V(t,s —i—?“ZSJa —rV(t,s) (1.1)
a 9
+/ V(t,se¥) = V(t,s) = > sj(e% —1)7—V(t,s)v(dy) =0, (1.2)
Rd = 68‘7
n (t,8) € (0,T) x R%, with s = (s1,...,54), se¥ := (s1€¥1, ..., s4e%) and

V(t,s) € C2((0,T) x RL) N C([0,T) x RLy) , V(T,s) =h(s),s € RL, .

Note that (1.1) without the integral term in (1.2) resembles the classical Black-Scholes
PDE, which is a well-known multi-dimensional convection-diffusion equation [Kwo08, Rei04].
Apart from the pricing of financial derivatives, such PDEs result from diffusion approxima-



2 1 Introduction

tion techniques or the Fokker-Planck approach. Examples are the description of queueing
networks [Mit97, SCDDO02| and reaction mechanisms in molecular biology [Sjo07, SLE09].
The BKE in (1.1) and (1.2) typically arises in option pricing with

V(t,s) =E(e " T OR(S(T)) | S(t) =s), (1.3)

where h is the final condition or payoff function, X(t) = (X ( )y ..., X4q(t)) is a Lévy process
with state space R? and S(t) = (S1(0)e" X1 §;(0)emt*+Xa(®)) is an exponentlal Lévy model
under the risk-neutral measure with starting point S(0) = (51(0) S4(0)).

In this thesis, we present theoretical and computational aspects of several new methods specif-
ically designed to deal with the high-dimensionality of the BKE. We demonstrate the efficiency
of our methods on the pricing of basket options with a multi-dimensional generalization of the
Kou-model [Kou02|. Of course, some of the intermediate results obtained in this course may
very well be applied to other PDE or PIDE problems and not just the BKE or the Kou-model.
In the next paragraphs, we discuss the aspects of this thesis in more detail.

As a first step, we start with an initial drastic dimensionality reduction of the BKE (1.1)
and (1.2) based on the ANOVA decomposition of functions [GH10b, Hoe48|. We now give
a simplified account of the method: Essentially we represent the final condition h(s) by a

superposition of functions
S) ~ Z hm(sm) ) (1.4)
mes

where & is a subset of the power set of ® := {1,...,d},i.e., m € & = m C D, and the hy only
depend on the #m-dimensional vectors sy, = (8;)iem. It is easier and more insightful to apply
the ANOVA decomposition to the representation (1.3) of V(¢,s) than to combine it directly
with the PIDE (1.1) and (1.2). The representation (1.4) ultimately allows us to approximate
V(t,s) by a superposition of expected values

s)~ Y E(e" T D (Sw(T)) | Sm(t) = sm) (1.5)

mes

based on the marginal Lévy processes Sy = (S;)iem. The resulting moderate-dimensional prob-
lems on the right-hand side of (1.5) need to be computed numerically, so we deal with their #m-
dimensional BKE representation. This way of looking at things is depicted in Figure 1.1. In the
end we trade a d-dimensional problem for #& moderate-dimensional problems. This technique
has already been applied to the multi-dimensional geometric Brownian motion [RW07, SGW13|.
The generalization to other processes and the relation to the anchor ANOVA decomposition is
discussed in [RW13]. We evaluate possibilities to apply the ANOVA decomposition directly to
the solution and not just the final condition and explore alternatives to the anchor ANOVA.
For the numerical solution of the now moderate-dimensional BKEs, we use a ©-method for
time stepping and a Galerkin discretization in space'. However, a classical tensor product
approach for the space discretization of V or, to a lesser extent, the moderate-dimensional
problems in (1.5) suffers from the so-called curse of dimensionality [Bel61], which means that
the cost complexity for the approximation to the solution of a problem grows exponentially

!We refer the reader to [CT04, RSW10] for analytical aspects of the BKE and to [SS00, GOV05] for advanced
space-time discretization techniques.



Expected value (1.3) based
on a d-dimensional
Lévy process

Feynman-Kac Solution V(t,s) of a
d-dimensional BKE

ANOVA approximation
with index set &
of the expected value

3 ANOVA approximation
or the final condition i

with index set &
of d-dimensional PIDE

Sum of expected values (1.5) Feynman-Kac Sum of solutions
based on #m-dimensional of #m-dimensional
Lévy processes for m € & BKEs form € &

Figure 1.1: This diagram shows how the detour via the expected value formulation (1.3) based
on a Lévy process leads to an ANOVA approximation of the d-dimensional BKE

with the dimension d. A d-dimensional mesh with a resolution of & in each direction typically
results in a storage and cost complexity of ©(h~?). Fortunately, it is possible to increase the
efficiency by exploring specific a priori assumptions on the solution using sparse grids [BGO04].
This discretization technique circumvents the curse of dimensionality to some extent as it results
in a complexity of only O(h~! (log h~1)4~1), which allows for huge savings for higher values of d,
while — depending on the smoothness assumptions on the function — the convergence rate of
the error is unchanged or only affected by a logarithmic term. Sparse grid discretization spaces
can be described by a non-direct sum of anisotropic full grid spaces, and regular sparse grids
have been employed for the efficient solution of PDEs [Zen91, Bun92a, Gri91| for a long time.
Generalized sparse grids offer great flexibility in enriching the discretization by different sets of
full grid spaces, and have been studied in [BG99, GK09, GH13b| and in [Feul0, GG03, BG12|
in connection with a posteriori dimension-adaptivity. In special cases, space-adaptivity [Gri98,
Feul0] is beneficial, but generally speaking this method results in additional challenges in terms
of algorithms and performance and is not part of this thesis.

After time and space discretization, the resulting systems of linear equations must be solved
in a fast way, and usually some iterative method is employed. This results in the need of
preconditioning, which is more challenging for generalized sparse grids than for isotropic full
grid spaces. For H-elliptic problems discretized by a regular full grid, the BPX-preconditioner
[BPX90] leads to optimal condition numbers and can be implemented as simple Jacobi scaling
of a multilevel system [Gri94b|. For sparse grids, this is not the case and a simple Jacobi scaling
leads to condition numbers that cannot be bounded from above independently of the discretiza-
tion level J with A = 27/, Therefore, we follow three different approaches to find optimal or
close-to-optimal scaling parameters for the sparse grid generating system: One is based on a
Linear Program that minimizes the splitting condition number with respect to a subspace split-
ting based on orthogonal complement spaces. We prove that the best possible set of positive
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scaling parameters results in condition numbers that grow by ©(J¢~2) in .J for Ht-elliptic prob-
lems. The second method is based on the observation that partially negative scaling parameters
can also result in a positive definite operator on the sparse grid space, even though this case
is not covered by the classical theory of subspace splittings. With an algebraic transformation
that produces partially negative scaling parameters we obtain an optimal iterative scheme with
error contraction rates that are bounded independently of the level J and are even independent
of the dimension d for some cases. A related result has been observed in [DSS09]. In the case
of the d-dimensional Laplacian, we even observe a decrease in the condition number for rising
dimension, all else being equal. We also introduce a preconditioner based on orthogonal projec-
tions that is closely related to the method that uses partially negative scaling parameters. In
fact, it can be regarded as a convenient form of implementing of prewavelets. The last method
we propose is a non-linear variable preconditioner [JN99| that has been coined OptiCom in the
context of sparse grids applied to data mining problems [Heg03, Gar06, HGCO07| and comes up
with the best possible scaling in every iteration step. We show that the cost of an OptiCom
iteration step is log-linear with respect to the degrees of freedom if a fast matrix-vector mul-
tiplication with the operator matrix is available. This is a significant improvement over the
quadratic costs typically associated with the OptiCom. As a fast matrix-vector multiplication
the unidirectional principle [BZ96, Bun92b, Zeill| can be employed, but we come up with a
specifically designed algorithm that also reduces the constant factor of the cost complexity dra-
matically. Conjugate gradient versions of all considered iteration schemes are presented, which
shows that there is even further cost reduction potential.

Another issue when solving the systems of linear equations that arise from the BKE is the
non-locality of the integro-operator (1.2). We obtain linear systems with densely populated
matrices, which, treated naively, would lead to computational costs for the matrix-vector mul-
tiplication that are quadratic with respect to the number of degrees of freedom N. In [AA00],
the convolution integral is evaluated using the fast Fourier transform, which reduces the com-
plexity of the system matrix application to O(N log N). There are also other results, which
make use of the decay of the integral kernel and the accompanying compressibility of the oper-
ator matrix [KK02, Reil0]. For the special case of Kou’s jump-diffusion model, an even faster
operator application with O(N) complexity in the finite difference case is available [Toi08].
In this thesis, we introduce a comparable approach for the Galerkin method and exploit it in
our numerical solver. We use the unidirectional principle — which was originally developed for
partial differential operators — and generalize it to our non-local operator. In combination with
the Galerkin recurrence formula for the Kou model and the optimal preconditioning, we obtain
a solver which altogether scales only linearly with respect to the number of degrees of freedom
of our sparse grid discretization.

Finally, we combine the described methods for the solution of a ten-dimensional BKE based
on Kou’s jump-diffusion model. It is conceivable that this problem stems from an even higher-
dimensional model after the projection onto the principal components of the diffusion covariance
matrix and a subsequent truncation at ten space dimensions. We measure the errors of different
ANOVA approximations at several points via a Monte Carlo approach and identify index sets &
that are promising, i.e., that are small but lead to sufficiently accurate solutions. We then
approximate the solution of the ten-dimensional BKE by the solutions of lower-dimensional
BKEs, which we compute using our sparse grid PIDE solver. By measuring the error at 100



randomly selected points using a Monte Carlo approach, we see that we can obtain for the
first time a sufficiently accurate approximation of the solution based on a ten-dimensional Kou
model not only at our anchor point but also in its proximity.

To sum this up, the main contributions of this thesis are the following:

e We show that the ANOVA decomposition of the final condition h and in some cases the
solution V' allows us to deal with moderate-dimensional marginals of our Lévy process,
which ultimately lead to moderate-dimensional versions of the BKE. This is a novelty
in the sense that in most of the literature only the multivariate Brownian motion is
considered.

e We present a Linear Programming approach and an algebraic transformation to come
up with quasi-optimal fixed a priori scalings for preconditioning. Moreover, we use the
OptiCom for the first time in an iterative fashion with log-linear runtime for generalized
sparse grids. We introduce the new single space matrix-vector multiplication that also
reduces the constant factor in the runtime complexity of the OptiCom dramatically.

e We present a preconditioner for the generalized sparse grid generating system based on
orthogonal projections. We show that for certain elliptic problems, the condition num-
bers can be bounded independently of the discretization level, the coefficients and the
dimension.

e We generalize the unidirectional principle to non-local operators and present a multi-
dimensional Kou model with a recurrence formula for the Galerkin discretization.

e We discuss the balance between ANOVA approximation error and PIDE discretization
error, and we finally demonstrate that the solution of a ten-dimensional model problem
can be efficiently approximated using a combination of the methods developed in this
thesis.

Parts of this thesis have already been published in a journal article [GHO15| and proceedings
contributions [GH13c, GH14b].

The remainder of this thesis is organized as follows: In Chapter 2 we recall the backward
Kolmogorov equation, the underlying multivariate Lévy processes and how the ANOVA decom-
position can be used to obtain an approximation by a sum of moderate-dimensional subprob-
lems. In Chapter 3 we briefly describe their variational formulation that eventually leads to a
discretization in space and time. Chapter 4 contains the definition of generalized sparse grid
spaces and discusses numerical aspects of the implementation and operator application using a
generating system. Chapter 5 deals with the optimal or quasi-optimal scaling of the generating
system operator matrix. We obtain scaling factors by a Linear Program approach, an algebraic
transformation and the non-linear OptiCom. We also present a preconditioner based on orthog-
onal projections closely related to the algebraic transformation. Furthermore, we discuss the
efficient implementation, the dimension-dependence of the constants and CG versions of the
iterative methods. Then, in Chapter 6, we present a ten-dimensional Kou-model and combine
the ANOVA approximation and our PIDE solver to approximate the solution of a challenging
option pricing problem. Final remarks in Chapter 7 conclude this thesis.






2 ANOVA decomposition of the backward
Kolmogorov equation

The ANOVA decomposition of functions [GH10b| goes back to [Hoe48| and yields an efficient
representation of high-dimensional functions by low-dimensional interactions. Apart from spe-
cial cases, high-dimensional interactions do exist, but their contribution to the description of
most functions is often negligible. This results in a robust method for the initial approximation
of high-dimensional problems by a superposition of moderate-dimensional ones.

The ANOVA decomposition has already been used to approximate the payoff function in the
context of basket option pricing with the geometric Brownian motion [RW07, Reil2]. There, the
multi-dimensional Black-Scholes PDE is transformed into the heat equation. Then, the ANOVA
approximation method rests on the argument that marginalizing out some dimensions of the
heat kernel again results in a lower-dimensional heat kernel and thus also a lower-dimensional
Black-Scholes PDE [SGW13|. We give a proof that the same principle holds analogously for
Lévy processes with a kernel that has no product structure. Using the Feynman-Kac formula for
Lévy processes, we see that a low-dimensional final condition or a low-dimensional ANOVA term
of the solution of the high-dimensional BKE leads to a low-dimensional BKE, and we can finally
approximate the solution of the high-dimensional BKE by a superposition of low-dimensional
solutions. Note that a discussion of the anchor ANOVA decomposition for generalizations of
the Black-Scholes model is given in [RW13].

In Section 2.1, we recall Lévy processes, discuss some properties of their marginals and apply
simplifying transformations to (1.3). We also state the corresponding backward Kolmogorov
equation and transform it to a simpler form. In Section 2.2, we give a self-contained view
of the ANOVA decomposition of functions. Then, in Section 2.3, we show how the ANOVA
approximation of the final condition or the solution of the BKE results in expressions that only
include low- and moderate-dimensional marginals of our Lévy process. Finally, in Section 2.4,
we discuss some common ANOVA approximation schemes and express them in our setting.

2.1 Lévy processes and the backward Kolmogorov equation for
option pricing

We now briefly summarize what kind of problem we focus on in this section: For a certain
class of stochastic processes (S(t)):c[o,r) With state space R, we want to compute the function
V :[0,7] x RS, — R with

Vi(t,s)=e "TDERS(T)) | S(t) = 5] (2.1)
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for a given final condition V(T,s) = h(s), which is a problem that arises in option pricing
on multi-dimensional jump-diffusion processes. In Subsection 2.1.1, we go into detail about
Lévy processes, their marginals, state the option pricing problem and give some simplifying
transformations of (2.1). The function V (¢, s) from (2.1) is also the solution of a partial integro-
differential equation, which we discuss in Subsection 2.1.2. There is a close relationship between
both formulations, which remains intact after all variable transforms.

2.1.1 Lévy processes and problem setup

We start this subsection with a definition of a Lévy process, cf. [CT04].

Definition 2.1 (Lévy process). A cadlag stochastic process (X(t))o<t<oo on the probability
space (Q,F,P) with values in R? such that X(0) = 0 is called a Lévy process if it has the
following properties:

1. Independent increments: for every sequence ty < t; < --- < t,, the random variables
X(to), X(t1) — X(t0), ..., X(tn) — X(tn—1) are independent

2. Stationary increments: X(¢) —X(s) has the same distribution as X(t —s), 0 < s <t < 00
3. Stochastic continuity: Ve > 0 : limy,_,o P(|X(t + h) — X(t)| > €) =0

It is noteworthy that the stochastic continuity does not mean the sample paths are continuous.
Jumps may occur, but not at fixed times ¢. This also means that a white noise process, which
clearly has independent and stationary increments, is not a Lévy process. The multi-dimensional
Brownian motion is the special case of a Lévy process without jumps.

Lévy-Khintchin representation

First, we fix a truncation function T : R? — R%o that is bounded and measurable with 7 (z) =
1+ 0(|z]) for |z] — 0 and T (z) = O(1/|z|) for |z| — oco. Then, it is well-known from the theory
of Lévy processes that the characteristic exponent v : R? — C of X(t), which satisfies

E <ei<€’x(t)>> =€) for EecRYt>0,

allows for the unique Lévy-Khintchin representation

1 : i(€,z :
WO = —5€Q0+i0.0+ [ (U -1-i€nT@)ran, (22
where Q = (qjk)?,kzl € R%? is the covariance matrix of the continuous part of X, 6 =

(61,...,04) € R?is the drift! of X, and v is the Lévy jump measure that satisfies

min(1, |z|?)v(dz) < oo . (2.3)
Rd

'The term drift has to be used with caution, as  is not the actual expected value of X(1) but depends implicitly
on the truncation function 7.
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Given a truncation function 7, we can uniquely describe any Lévy process by the triplet
(Q,0,v).

The condition (2.3) means that there is only a finite amount of large jumps and a possibly
infinite amount of small jumps. The purpose of the truncation function 7 is to make the
distinction between small and large jumps. According to [CT04| P. Lévy used T (z) = TLP’
while most recent textbooks use 7(z) = l{j,<1}. Note that in special cases trivial truncation
functions are possible: For processes with a finite number of jumps 7 (x) = 0 is acceptable,
while processes with a finite expected value admit 7 (x) = 1. Later on, we will make such an
assumption and set 7(z) = 1, but for the time being we try to be as general as possible.

Not necessarily all components X;(t),j =1,...,d, of a Lévy processes with
X(t) = (Xq1(t), ..., Xaq(t))

have a finite expected value or variance. For those X;(t) that do, we now devise a simple way
to compute these quantities given the characteristic exponent (2.2). Let us shortly assume that
we are given a random variable X with characteristic function ¢. It holds that

¢'(€) =E[iXe*Y] = —i¢/(0) = E[X]

and
() =EPX50] = —g(0) = BX?).

We can now express the variance of X as

var(X) = E[X?] - E[X]? = —¢"(0) - (i¢(0))* = (¢/(0))

2

—¢"(0) .

Thus, in order to compute the expected value and variance of X;(t),7 = 1,...,d, we have to
compute the first and second derivatives of the characteristic functions

bx.1(€) = E[e¢% (D] = E[el¢es X)) = etv(ce;)
J

2.,
= exp (t (_ﬁqﬂ +1£0; +/ et 1 — ifzj’T(z)y(dz)>> .
2 R4

We get

d e
B[ (8)] = —i e

., d o
=i (tdgw@ej)) gviees)

= —it (—quj +16; +/ iz;e%% — izﬂ’(z)u(dz)) ‘
Rd £=0

:t<9j+/Rd zj(l—T(z))y(dz)> . (2.4)

The expression (2.4) shows that the expected value of X;(t) grows linearly in time and consists
of the drift plus the jump part adjusted for the truncation function. This tells us why for
T (z) = 1 the parameter 6; can be referred to as the expected value of X;(1) and for 7(z) =0
as the drift of the continuous part. However, it always depends on the jump measure v whether
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this kind of representation is possible. It holds that

2 2
) - ( d ) JHEe)
=0 dg £=0
g
) ey _ 4 Viees)
((d§t¢(§ej)) gz,l_z £:O> d¢ (<d£ @Z)(fe])> ) L:O

( gt 0>2 (dg w<£ej>>2 L (i)ztw(geﬂ

where the first two terms in (2.5) cancel out, and we only need to form the second derivative
of ¢(&e;) with respect to £ and get

var(X;(t)) = (;5 tp(ge;)

, (2.5)
€=0

var(X;(t)) = —t <—qjj + Ad(—l)zfeigzjy(dz)) ‘g:o =t <qjj + /Rd zfu(dz)) : (2.6)

As was said before, it is not clear that (2.6) exists and is finite. For the model for v that we
pick in Chapter 6, however, this is the case.
Forming marginals of a Lévy process

We now want to study the effects of forming marginals or dropping components of X(t) € R¢
for all ¢ > 0. To this end, we first need to introduce some notation: Let © := {1,2,...,d}
be the set of all available dimensions. Given a subset m C ® that contains the dimensions or
components that we want to consider, we can form an m-marginal X, (¢) with

(Xm(t))i = (X(t)); for iem.

Obviously, this marginal is an #m-dimensional vector, but we do not refer to it as an element
of R#™ but choose

R™ := {#m-dim vectors or mappings v with v : m — R} ~ R#™

instead. Similarly, we sometimes choose to write R® for sequences with #® = d elements as
an alternative to R? even though they are isomorphic.

The process X, is again Lévy with state space R™, but there is more to say about it. First,
we choose the slightly modified truncation function

7:5(Z) = ]l{|z|00§5}(z) with 6 >0, (27)
which has the product structure
75(2) = Ljalwo<s) = Ljzmlao<o) * Ll mloo<a) (28)

for m C ®. There exist other truncation functions that allow for a product representation
similar to (2.8), but (2.7) is relatively easy to handle and serves our purpose well.
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The following theorem shows how to compute the triplet of the marginal Lévy process Xy,
subject to the truncation function 75(x) = 1yx|.. <5} (X).

Theorem 2.2. Let X be a Lévy process with triplet (QLO, v) and let Xy be the m-marginal
of X. Then, Xy is also a Lévy process with triplet (Qum, Om, Vm), where

Qun € R™™  with (Qm)ij = qij for i,jem,

Om € R™  with (0y); = 0; +/ ziv(dz) for i€em,
[_675]mX(RD\m\[_575}®\m)
and
Va(A) = v(A x RO\™)  for A e B(R™),

which means vy is the m-marginal of v.

Proof. If X is a Lévy process, its marginal Xy, is obviously again Lévy, see Definition 2.1, and
we need to find the characteristic triplet of X;,. Computing the characteristic function of the
m-marginal of a random vector amounts to setting the dimensions that are marginalized out,
i.e., D\m, to zero in the characteristic function. This carries over to the characteristic exponent
Y of the process X, with respect to the characteristic exponent v of X. Independently of
t > 0 and for all £, € R™, it holds that

empm(gm) — E (ei<£mvxm(t)>> — E (ei<£m009\m,X(t)>) — €t¢(£m<>09\m) ,

where
(€n)i foriem,

0 else .

(€m < O’D\m)i = {

We conclude

wm(gm) = w(Em < OD\m)
and set all entries §g\nn to 0 in (2.2), which yields

¢(£m < O@\m) == % <£ma Qm£m> +1(Om, £m>

+ /Rd (61<€‘“’zm> —1-i <£m,zm> ]l{|Zm|oo§5} . ]l{|Z©\m|oo§5}> I/(dz) . (29)

The covariance matrix Qp, of the triplet of our m-marginal is simply a submatrix of Q. We now
focus on the integral term (2.9) and split the domain of integration

/R (e — 1 = (€ ) o 0) * L0} ) V(02)

= R 1 1 d to.
/R‘“x[—d,a]ﬁ\m (6 1<£m,zm> {|Zzm|co <6} {‘Zi)\m‘oogé} V( Z) p.t.o

=1
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+ e&mzm) 1 (€ zm) 1y, 1 )1/ dz
\/Rmx(]]{@\m\[_&é]g\m) ( <€m m) {‘ m‘oogé} {|Z©\m|oo§5} ( )
=0

:/ <ei<£m,zm> —1—-i <€m7 Zm> l{zmm§5}> / I/(dz) (2.10)
m [,5’5]®\m

+/ <ei<£“"z“‘>—1>/ v(dz) . (2.11)
" (R2\™\[—5,6]2\m)

Now we want to recombine (2.10) and (2.11). To this end, we consider the term

i <£m7/ Zm]l{|zm|oog5}V(dZ)> (2.12)
Rm x (Rﬁ\m\[_&é]@\m)

= [z Lt v(dz) (2.13)

(R@\m\[_&&]@\m)
Note that (2.12) exists since |Zm]l{|zm\oo§6}} < Vd§ < 0o and
V(Rm X (Rg\m \ [_67 5]@\111)) < V(R© \ [_55 5]9) <0

Now, we consider (2.10) and (2.11) again and subtract (2.13) and subsequently add (2.12).
Then, we can recombine both integrals

/ <€i<§m,zm> —1—-1 <€m? Zm> ]l{Zmoo§5}> / I/(dZ)
m [_5’§]©\m

+ / <€i<§m,zn1) —1—-1 <€m, Zm> ]l{Zmoo§5}> / l/(dZ)
Rm (RD\m\[_d&]D\m)

+1<£m7/ Zm]l{|Zm|oo§5}V(dz)>
HIX(RQ\m\[,é"é]D\m)
:/Rm <€i<£m,zm> — 1 - 1 <£m7 Zm> ]l{Zmoo§5}> / [—6,6]9\"‘U V(dZ) (214)
(R2\™\[—6,6]°\™)
RmX(RZ‘D\m\[_é"é]Q\m)

Substituting (2.14) and (2.15) for (2.9) and adding (2.15) to Oy, we finally get

Urn(Em) =~ £ (€ Qi) +1(0n €0
/ ( ) _1_i<£mvzm>]l{|zmoogé})Vm(dzm)7

which proves our theorem. O

As mentioned earlier, a non-trivial truncation function 7 is only necessary if there are many



2.1 Lévy processes and the backward Kolmogorov equation for option pricing 13

large jumps such that E[|X(t)|] does not exist and there are infinitely many small jumps such
that v([—1,1]®) = co. From now on, we assume that E[|X(t)|] < oo is well-defined and choose
7T (z) = 1. This choice has the benefit that 8 = E[X(1)], so the triplet directly tells us the
expected value of the process per unit time. Note that this is our previous truncation function
75(z) for & — co. Then Theorem 2.2 yields that 8, — 6y,. This means that we no longer need
to adjust the drift 8, when forming a marginal but can simply choose a subvector of 8. This
is very intuitive and we get

Proposition 2.3. Let T(z) = 1 be the truncation function and let X be a Lévy process with
finite expected value and triplet (Q,0,v). Then, the m-marginal Xy, of X is again a Lévy process
with triplet (Qm, Om, Vm), where

Qm € R™™  with (Qm)ij = (Q)” fO’I" i,j em,
0 € R™  with (0n); = (0); for i€m,

and
Va(A) = v(A x RO\ for A e B(R™).

Option pricing formulation and transformations

A European option is the right but not the obligation to buy (call option) or sell (put option) a
specified quantity of an underlying at time 7T in the future for a fixed price K. The Black-Scholes
model [BS73| assumes that security prices follow a geometric Brownian motion

S(t) = Spexp ((n— L)t + oW (1)) . (2.16)

Then, arbitrage considerations show that the fair price of a European option V(¢,s) is given
by the discounted expected value (2.1) of the payoff function h under the risk-neutral measure.
For the geometric Brownian motion (2.16), the risk-neutral measure simply means that the true
drift u has to be replaced by the risk-free interest rate r.

In this thesis, we assume an exponentiated Lévy model for S(¢) in (2.1), which reads
S(t) = S(0) exp(rt + X(t)) := (S1(0) exp(rt + X1(t)),...,Sq(0)exp(rt + Xq4(t)),  (2.17)

where X(t) = (X1(t),...,Xq4(t)) is a Lévy process with triplet (Q,8,v). Note that the sum-
mation of rt and the exp-function are applied component-wise. Compared with the geometric
Brownian motion, (2.17) is able to model jumps and thus can account for the leptokurtic fea-
ture of asset returns, so that theoretical prices match the market prices more accurately [CT04].
Note that under the risk-neutral measure, the processes

e Si(t) =N for i=1,....d (2.18)

need to be martingales with respect to the canonical filtration of the multivariate process X(t),
see [RSW10]. A quick glance at the Lévy-Khintchin representation (2.2) for 7(z) = 1 reveals
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that this translates into

E[er(t)] — ott(—iey) _ exp <t (q;] +6; + /Rezj —-1- ZjVj(de))> L 1

& 0= —% — /Rezj — 1 — zjvj(dzj) (2.19)
fori=1,...,d, where e; is the j-th unit vector and v; is the {j}-marginal of v. Jump-diffusion

models lead to incomplete markets and a risk-neutral measure needs to be selected by, e.g., the
rational expectations equilibrium, see [Kou07|. However, this is not the focus of this thesis.

We now want to compute (2.1) for a given payoff function h. In order to simplify matters,
we first do a variable transform. Note that in the following the exp- and log-functions need to
be understood component-wise.

Theorem 2.4. We set
u(r,x) =TV (t,s), 7=T—t, x=logs+rr and g(logs)= h(s) (2.20)
fort >0 and x € R%s € R‘éo. Then, we can express u in terms of the process X by
u(r,x) = Elg(X(7) + x)] . (2.21)

Proof. The proof simply uses the equalities in (2.20), that is

u(r,x) = TV (t,8) = E[L(S(T)) | S(t) = s]
= E[h(exp(rT + X(T)) | exp(rt + X(t)) = s)]
=E[g(rT +X(T)) | X(t) =logs +rT —rt — rT]
=E[g(rT+ X(T) — X(t)+ X(t)) | X(t) =x — rT]
——

~X(T—t) =x—rT

= E[g(X(7) +x)],
which is exactly our claim. O

We consider (2.21) to be more convenient than (2.1). In order to make approximation methods
for u effective, a further reparameterization may be necessary. We now try to express (2.21)
in terms of a process Y(7) = BTX(7),7 > 0, where B € R4 is an orthonormal matrix.
Orthonormal transforms are frequently used for related problems [Oet11, IT09], as |[det B| =1
makes integral transformations particularly easy.

Theorem 2.5. Let B € R¥? be orthonormal. We set
v(r,y) =u(r,x), y=B'x and gp(y)=g(x). (2.22)
Then, we can express (2.21) in terms of Y and v by

v(r,y) = Elg(Y(7) +y)] . (2.23)
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Proof. The proof simply uses the equalities in (2.22), that is
v(r,y) = u(7,By) = E[g(X(7) + By)] = E[g(B(B"X(r) +y))] = E[gs(Y () +y)] ,
which proves our claim. ]

The question is what matrix B results in a representation (2.23) that is more convenient
than (2.21). Before we answer this, we need to have a look at the properties of Y.

Theorem 2.6. Let B € R¥? be an orthogonal matriz. If X is a Lévy process with triplet
(Q,0,v), the process Y(1) = BTX(7),7 > 0, is also a Lévy process with characteristic triplet
(BT"QB,B”0,v) and

ve(A) =v(BA) for Ae B(RY),

where BA denotes the set A after a linear transformation by the matriz B.

Proof. Clearly, the properties of Lévy processes from Definition 2.1 are satisfied for Y as well.
We now obtain the characteristic exponent ¢y of Y from the characteristic exponent ¢x of X:

() _ (eue,v(t») . <6i<s,BTX(t>>> . (ez’(Be,xu») _ Ux(BE)
= exp <t (—; <€,BTQBE> +4 <BT9,E> + / (ei<£’BTZ> —1—3 <£, BTZ>) V(dZ))) .
R4
(2.24)

Now, we change the integration measure from v to vg in (2.24) and thus substitute B'z by z
in the integral. This transformation is simple, since B is orthonormal and hence |det B| = 1.
Obviously, the result is again a Lévy-Khintchin representation with triplet (B7QB, B0, vg).

O

Remark 2.7. If X is a martingale, this also applies to Y = BTX. However, if eX is a martingale,
this does not necessarily hold for eB"X We give a simple counterexample with

a(10) o-() w0 ()

For Lévy process X (1) with triplet (Q,0,0), we know that

. 1
X _ eT'(Z}(—le1) _ 67(52_1) B 1
E[e (T)] - (eTw(iez) o 67(%1—%) —\1)
However, the process Y = BT X has the triplet (B’QB,B76,0) with

1

Ty (—ie1) m(31-3) 1
Y (r o [ . e ‘2 2 .
E{e ()] - (eTwy(—162)> - (eT(éQ-’_l)) - <62T> .

_1
B’QB =3 and BT0:< 2)

and thus
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Obviously, the process ¢B X is no martingale.

Rdxd

The question is now what B € results in a favorable process Y. One obvious choice is

the matrix which diagonalizes Q by
Q=BXB =« B'QB =13, (2.25)

where ¥ = diag(o?, .. 03) and 02 > 05 > - > 03 > 0. In this case, the columns of B are

the associated eigenvectorb to the elgenvalues (J?)le. Now, any decay in the spectrum of Q

is directly visible in the diffusion part of Y, which has triplet (3,B70,vg). As we will see
in Chapter 6, the rate of decay in the covariance spectrum directly relates to the accuracy of
ANOVA approximations.

2.1.2 The corresponding backward Kolmogorov equation

Having recalled Lévy processes and the option pricing problem, we now come to the backward
Kolmogorov equation. We reproduce the transformations we made to get from V' (¢,s) to v(7,y)
in the context of PIDEs.

The backward Kolmogorov equation for pricing options

The function V' is known to satisfy the PIDE (2.27) and (2.28) in the following theorem,
see |[CT04, RSW10| for proofs and further information.

Theorem 2.8 (BKE for European options). Let S be an exponential Lévy model (2.17) with
Lévy triplet (Q,0,v), which has a non-vanishing diffusion matriz Q, and let v satisfy

/|Z|>1 e“v(dz) < oo (2.26)

fori=1,...,d. Then, the function
Ve ((0.7) x RLy) N ([0,7] x RL)

given by (2.1) is a solution of the backward PIDE for European options

d d
ov 1 0%V 8V
E(t,s) + 23 1 $i8i0ij 5 5 85] )+ ;1 Si=— 881 —rV(t,s) (2.27)
a ov
Vit,se®) = Vit,s) =S s (€5 — 1) (2, dz) = 0 2.28
+/( (1:56%) = Vit = 31 = 1) s>>u< 2) (2.28)
n (0,T) x Rio, where V (t,se?) := V (t,s1€*',...,5q¢*), s = (81,...,54) and z = (z1,...,24),

and where the final condition is given by

V(T,s) =h(s) for se€ R%O . (2.29)
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Transformation to the infinitesimal generator

Let us define the transition operator
[Fifl(x) = E[f(x + X(1))] -
The infinitesimal generator LX of the process X is then defined as

LXf = lim Pf—f
) t '

Obviously, (2.21) means that
u(7,%) = [Prg](x)
and thus
@(7‘, x) = [LXu)(7,x) .
or
In the next theorem, we recover the infinitesimal generator of X by expressing our BKE in terms
of u(r,x). This is a useful transformation as we also eliminate all non-constant coefficients.

Theorem 2.9. Using the transformations u(t,x) = e"T=DV(t,s) with r = T —t and x =
logs + r7, we can rewrite the BKE (2.27) and (2.28) as

O (7,%) = (%7, %) (2.30)
where
x ¢ Bu
X Z i g (%) + > 0ign(rix (231)
L ou
+ /Rd <u(7-,x +2z)—u(r,x) — ;Zif)xi(T’ x)) v(dz) (2.32)
is the infinitesimal generator of X. The final condition V(T,s) = h(s) becomes an initial

condition u(0,x) = g(x) with g(logs) = h(s).
Proof. We do a step by step transformation of the PIDE. Because of u(r,x) = e"T=0V (t,s),

d ou ou
&U(T,X) — _E(Tvx)_TZ%(T’X) )
i=1 "
and q oV
a4 r(r—r) — __por(T—t) (r-6)Z"
dte V(t, S) re V(t7 ) + ot (t’ S)
we get
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By replacing %—‘;(t, s) with the right-hand side of (2.33), the reactive term
—rV(t,s) = —re T Du(r, x)

of (2.27) cancels out. Now, we come to the convection and diffusion part. Because of

1
d(iie_r(T_t)u(T, x) = e_T(T_t)&g; (1,%) (2.34)
we get
ov 0
Si5y, (1:5) = e (@) 83"; (1,%) . (2.35)
This means that the terms
d d
oV ou
Al — o T(T—1)
r; S; D5, (t,s) =re 2 o2, (1,%)

in (2.27) also cancel out with the respective terms on the right hand side of (2.33). Differenti-
ating (2.34) with respect to d%i again yields

d d _,.r_ rp 1 0%u _(T—p) 1 Ou
disidisie ( t)u(ﬂx):e ( t)gaix?(ﬂx)—e ( t)gaxl(ﬂx),
which results in ) )
sfgs‘g(t, s) = e—’"<T—t>g£(7, x) — e—“T—t)gZ(T, x) (2.36)
and differentiating with respect to %}_ for j # i results in
0? 0%u
i Ls) = @0 _Tu 2
s SJ aSiaS]< 75) ('%Z T (7-7 X) ( 37)

Using (2.33), (2.35), (2.36) and (2.37), the line (2.27) transforms to

d d
ou 1 0%u qi; Ou
—r(T-t) [ _ 22 - Y _ i
e 57 (1,x) + 5 l;: ij duidz, (1,%) 2 > 0, (r,x) | , (2.38)

and we are left to deal with the integral term in (2.28). It is easy to see that
V(t,se?) = e "I Du(rlogs + z + r7) = e T u(r,x + 2)

and in combination with (2.35) we can express (2.28) as

d
e T(T=1) /Rd <u(r,x +2z) —u(r,x) — Z (¥ —1) g;i (T, X)) v(dz) p.t.o.

=1
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d
—e (Tt /Rd (U(T, X+2z)—u(r,x) = Y Zz‘g;i(ﬂ X)) v(dz) (2.39)

=1

d
ou
_—r(T-t) § i1 — 2\ N . 2.4
’ i1 /IR (e %) Vz(dzl)axi (r:%) 240

Now, we combine (2.38), (2.39) and (2.40) and multiply the equation by e"(T=Y) . After a bit
of reordering this yields

+ i (—q; - /R (e —1—z) V¢(dZ¢)> gz(ﬂ x) (2.41)

< du
+ /Rd (u(r,x +2z) —u(r,x) — ;Zif)a:i(T’ x)) v(dz) =0

We then add —i—%(ﬂ x) to both sides of the equation and in (2.41) we substitute (2.19) by 6,
for 5 =1,...,d. What is left is to deal with the final condition at ¢t = T or the initial condition
at 7 = 0, respectively. Obviously,

u(0,%) = "V (T, exp(x — - 0)) = h(exp(x)) = g(x)

which proves the theorem. ]

Diagonalization of the data covariance matrix

We now diagonalize the covariance matrix Q by a further coordinate transform x = By
of (2.30), where B is an orthonormal matrix and

Q=BXB? &« B'QB=X.

This transformation and the subsequent truncation of small eigenvalues have already been

discussed in [NHW10].

Theorem 2.10. The PIDE (2.30) can be rewritten as

Lulry) = [L¥el(r) (2.42)

where LY is the infinitesimal generator (2.31) and (2.32) of the process Y (1) = BTX(1) with
triplet (2,B70,vg). Here, v is the measure with

vg(A) =v(BA) for A€ B(]Rd) ,

where BA is the set A under the linear transformation B. The initial condition is given by
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v(0,y) = gB(y) = g(By).

Proof. The variable transform does not affect the time derivative. The first-order derivatives
change to

fori=1,...,d and thus

sz; ;9 szk zd: (Za blk> Y) -

k=1

Obviously, the drift vector 8 of X () results in a drift BT of Y (¢). The second-order derivatives

become
d

0%u 9%v
=" bibjin .
al'ial‘j (7—7 X) — ik Vgl aykayz (7—7 Y)

fori,j=1,...,d. Now we add up all second order terms that appear in (2.31)

q 2 d 2
o0“u 0v
Gij 7 (1T,X) = %ijbikbjim——F—(7,y)
i;l ]8wia$]‘ ',j%l:—l J J 8yk6yl
82
- Z bzk QB zla 81/ ( Y)
i,k,l=1
d 2’()
= (BTQB)y;, (1,y)
OyLOy;
k=1
d
0%
k=1 k

We see that the covariance matrix of the diffusion part of Y(¢) is BTQB = . Now, we turn
to the jump part (2.32)

L™
/Rd <u(7, X +z) —u(r,x) = Y zig (T, x)> v(dz)

T T - d d ov
:/Rd (U(T’B x+B'z) —v(r,y) - ZZ; Zi ; bikayk(ﬂ}’)> v(dz)
d ov
= /Rd (v(ﬂy +B"z) —v(r,y) - ;(BTZ)kayk(T’ y)) v(dz) (2.43)

Now, we change the integration measure from v to vg in (2.43) and thus substitute B'z — z
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in the integral. Finally, the initial condition changes to

v(0,y) = u(0,By) = g(By) = gB(y) -

This proves the theorem. ]

Remark 2.11. For non-jump processes, choosing an orthonormal matrix B that diagonalizes Q
reveals the decay in the spectrum of Q, but depending on the jump measure v there might
be better choices available. However, they would most likely not eliminate all mixed partial
derivatives in (2.31), so we do not follow this route. See [Oetll] for a related optimization
problem.

2.2 The ANOVA decomposition

The d-dimensional ANOVA decomposition for functions has successfully been employed in a
variety of fields, e.g., finance [GH10b] and molecular dynamics [Ham10]. In the following
subsection, we give a self-contained rigorous description of the method that accounts for the
generalizations used in both references. In Subsection 2.2.2, we give a short outlook on a
non-linear extension of the ANOVA decomposition.

2.2.1 Definition

Let p;,i =1,...,d, be measures on R. We define the product measure
= (X i (2.44)
iem

for all subsets
mc®={1,...,d}.

We focus on d-variate functions in the Hilbert space La(pp) with inner product

(u,0)p = /R a0 (dx)

Analogously, the inner products on the spaces La(um) are then

(0)m = [ om0 ()

for pm-measurable functions u, v and Xy = (%;)iem. Functions in Ly(puy) are only #m-variate,
and we would like to embed them in La(pg). To this end, we need to introduce some notation.
We can split x = (z1,...,24) into Xm = (7;)iem and Xp\m = (i)ico\m, and later on we also
need the concatenation xpm ¢ Xp\mw =X € R?.

Now, we choose unit functions ~; € Lo(p;) for all i = 1,...,d and define

Vi = {U S LQ(/L@) s duy € LQ(,Mm),U(X) = Um(Xm) : 'Y’D\m(X@\m)} ) (245)
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where v, : R" — R is given by the product

’Yn(xn) = H%(CE,) . (2.46)

en

Obviously, Vo = La(up). Note, that the Viz C Vo, m C D, are linear subspaces, since for the
functions v = vm - Yp\m € Vin, U = Um - Yp\m € Vi, we directly see that

au(x) +v(x) = aum(Xm)- 7@\m(x©\m) + Vi (Xm) - VQ\m(XQ\m)
= (um(xXm) + vm(Xm)) - Yo \m(X0\m) € Vin -

We are now interested in the projections QY : Vo — Vi, which, for u € Vap, satisfy

(Qhu,v) = (u,v) Vove Vy. (2.47)

Theorem 2.12. Given the Hilbert space Vy, and the constants

= [ axmn(dxn) = [T [ a¥eom(an) (2.48)
R® EN R
the functional
[Quu)(x) == C;Sim “YD\m (XD\m) /R@\m U(Xm © Zp\m) * Y0\m (Z9\m) 1D\m (AZD\m) (2.49)

is the projection QY : Vo — Vi, m C D, that satisfies (2.47).

Proof. First, we have to show that QY u € Vi, which basically means that we have to check
that the integral in (2.49) is in La(pm). With Cauchy-Schwarz we see that

[ 60 7210) - Toin(z0im o m(d2010)
1/2
< 0313/\21“(/]]@\“1 u2(xm Ozﬁ\m)UQ\m(dZQ\m)>

and due to the monotonicity of integration, we get

2
/ (/ U(Xp © Z’D\m) ) 7©\m(Z®\m)N©\m(dz©\m)> fom (dXm)
m RO\m

IN

CZ‘D\m/m /RD\m UQ(Xm0Z©\m)ﬂ©\m(dzﬁ\m)/‘m(dxm) (2'50)

= coym - [lully < oo,

and we can conclude that Q) u € Vq,.

Now we have to show that QY u also satisfies (2.47). For v(x) = vy (Xm) “Yo\m(Xo\m) € Vi,
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we have

Qo) = [ gl [ ulenommin) rmim(z mlimin(dzmin)

R® D\m

“Yo\m(Xo\m) * Vm(Xm) * Yo \m (X9 \m) o (dx)

= Cf‘Sim ’ /R:D\m 7%\m(x©\m)uﬁ\m(dx©\m)
: /m /R@\m U(Xm © Zp\m) * Y0\m (Z0\m) 110 \m (AZD\m) * Vm (Xm) pn (dXin) -

Further simplification gives
(qua Um) = /m /RQ\'" u(Xm <>Z@\m) "Y’D\m(ZQ\m) ’ Um(xm)l@\m(dzi)\m)ﬂm(dxm)

= [ ultn 0 210) - vn(3m) - T2\ m(z2 w0 A 22\
= (’LL,’Um) ’

which proves the Theorem. O

We want to approximate #9-variate functions u € Vp by functions from Vi, with #m < #9
only. Since we are in a Hilbert-space setting, the projection Q) from Theorem 2.12 is also
the best-approximation in the space V4. The representation of high-dimensional functions by a
superposition of functions from Vy, and V;, the best-approximation in, e.g., Vo UV, with m € n
and n ¢ m, requires a little extra effort and leads to so-called orthogonal complement spaces.
Note that in the following passage, we implicitly make use of the isomorphism

Ly(po) ~ @) La() (2.51)
1€ED
to switch to tensor product notation when more convenient.

We define the orthogonal complements

Wi := Q) (L2(p) © span{yi}) © ) span{i},

iEm 1€D\m

where Lz (j1;) © span{v;} is simply the (-, -);-orthogonal complement of span{~y;} in La(u;).
Thus,
Wn LW, for m#n (2.52)

and furthermore

Vo = @ (La(mi) © span{yi} @ span{y;}) © Q) span{y}

iem i€D\m

— @ ® (Lo(1;) © span{~;}) ® ® span{y;} = @ W, .

ncCm 7€n ig@\n nCm
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For m = ®, we see that we can uniquely decompose any function

uEV@:@Wm into u:Zum with up € W, mC D . (2.53)
mcC® mc®

Moreover, we can conclude that

Wy LVa=> Wy for pgm. (2.54)

nCcm

The next Lemma shows how we obtain the best-approximation in the Wy, spaces.

Lemma 2.13. The orthogonal projection QY : V — Wy, is given by the functional

QN = Y (-Fgy (2.55)

nCm

Proof. Tt is easy to see that QVu € V;,. By establishing the orthogonality to all Wy, p € m, we
know that QW u € Wy. So, for any p C m, we pick an index i € m with 4 ¢ p. Then, for all
wp € Wy it holds that

(Z(—l)#mf#nanuv wp) = ( > (—1)#“‘*#"Ql‘fu,wp> (2.56)

ren pnim

=( > CuEEQlus S ()P ) (2.57)
pc?lcwnif{l{i} pU?i}WcizhCm

:( S CpFmEQlu - Y (—1)#“‘*‘“’|Q§u{i}u,wp>:o, (2.58)
pChCm\ (i) pow o

where we used the orthogonality relation (2.54) in (2.56), split the summation in two parts
in (2.57), set n’ :=n\ {i} and used the projection property

(Quisgiyuswp) = () = (@ wp)
in (2.58). So we know that QWu € Wy,. We still need to show that this is a projection onto

W by
QW wm) = (3 (-)F" QY w,wyp) = (QXw, wm) = (u, wn)

nCcm

for all wy € Wy, where we exploited the orthogonality of wy, to any function from a space
Vai,mn Cm. O

For a given product measure up and functions (*yi)igl, we are now able to restate the decom-
position (2.53) of function u € La(pp) as

mCc®
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Let us now assume we have a subset & C P(D) that satisfies the admissibility condition

meGnCcm=>neb. (2.59)
Then
Ug = Z QW u (2.60)
me&S

is the Lo(po) best approximation of u in the space @negWm. Due to the orthogonality of the
decomposition of u, the squared error of this kind of approximation can easily be stated in the

|| - [[o-norm by
lu—usld =D lunl?-

meP(D)\G
In Section 2.4 we discuss common choices for the set &. Note that

ug = Y Quu=) Y (~)FFQly (2.61)

mes meG nCm

_ Z( 3 (—1)#“‘*#">anu, (2.62)

neG meG,mdDn

which means that in order to compute ug, we have to compute every projection QY u,n € &, at
most once. For further results related to the ANOVA decomposition we recommend [KSWW10].

Example 2.14 (Classical ANOVA on the unit hypercube). The ANOVA decomposition on
[0,1]¢ is a special case with unit functions 7; = 1,4 = 1,...,d, and the measures

m(A) = ANAN[0,1])  VAEBR),
where A is the Lebesgue-measure and B(R) the Borel-set of R. Obviously, the constants
from (2.48) are given by ¢y = 1 for allm C D.

Example 2.15 (Anchor ANOVA on R?). Typically, it is very expensive to compute the integrals
in the projection (2.49). The so-called anchor ANOVA [GH10b| is much cheaper, as it needs
only one point evaluation. Formally, this corresponds to p; = d,,, where d,,; is Dirac’s delta at
point a; € R. Obviously, up = 84 with a = (a1, ...,aq) € R% The constants ¢, from (2.48) are
given by

= [ ARxm(den) = an).
Then, the projections QY , m C ®, from (2.49) are given by
[Qn‘{u] (x) = 75%m(a©\m)7®\m(xi)\m)u(xm < a@\m)')/@\m(ai)\m)

PYD\m(X@\m)
= ——u(Xpoa . 2.63
’Y@\m(&i)\m) < " D\m) ( )

If the unit functions are chosen as v; = 1,7 = 1,...,d, the projection (2.63) simplifies to

[Qmul(x) = u(xm © ag\m)
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and in the case of standard normal densities
1 o
7l

vi(xs) = \/%67

the expression (2.63) results in

lxp\mll?
2

e Ixp\ml* =l I

T U(Xm © Ap\;) = € 2 u(Xm © ap\m) -
oo

[@nul(x) =

e

Even though the anchor ANOVA works well in practice, it needs to be said that formally the
function space La(ugp) is only one-dimensional, since up(R?\ {a}) = 0 and thus all functions
with the same value at point a are considered to be identical as they can only differ on a null
set.

Example 2.16 (Weighted ANOVA on R?). Alternatively, yp can realize a density on R?, and
typically a Gaussian density is used. A remark on this can be found in [GH10b|. In that case,
the choice of v, =1 fori=1,... ,d results in ¢, = 1, m C D.

Example 2.17 (CI in molecular dynamics). In [GH10a| an approach complementary to Ex-
ample 2.16 is proposed: The one-dimensional measures pu; are Lebesgue measures, and the
one-dimensional unit functions 7; (or particle functions g; in the molecular dynamics context)
satisfy ||y;]l; = 1, = 1,...,d. Note that we only treated the real valued case, but the extension
to complex numbers is straightforward.

Remark 2.18 (Limitations). We note that there is no sensible ANOVA decomposition on R?
with up = A%, where A\ is the d-dimensional Lebesgue measure and v; = 1,4 = 1,...,d.
Obviously, ¢n = me 1IN (dxy) = oo for all m C D, so we are no longer dealing with an
orthogonal subspace projection when applying Qn‘{ as defined in (2.49).

It is also tempting to go to a higher level of abstraction and to describe everything with general
scalar products instead of integrations. It turns out that this is not straightforwardly possible,
as we use Fubini’s theorem extensively and also the monotonicity of integration in (2.50) does
not hold for arbitrary norms.

2.2.2 Extension: lterated ANOVA

One obvious approach to improve the accuracy of an ANOVA approximation is to enlarge the
index set & in (2.60). Alternatively, we can repeat the procedure on the residual r = u — ug
with a different set of functions ~;,7 = 1,...,d, in an iterative fashion. To that end, we
need to determine functions v;,7 = 1,...,d, such that ®f{:1% is a good approximation to u.
From the proper generalized decomposition method, we know that we can choose the first term
of a Schmidt decomposition for d = 2, and for d > 3 an alternating directions approach is
possible [FHMM13].

Then the iterated ANOVA decomposition works like this: We fix a product measure ugp,
the initial function u(!) := u, the index set () # & C D and then run the following algorithm
iteratively for m = 1,2, ...
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1. Determine a set of one-dimensional functions vfm) € La(ui),i = 1,...,d, and fix the
corresponding projections (QY )™

2. Compute u(Gm) = D s (Zmee,mgn(—l)#m*#“) (QV)u(m) as an approximation to

u(m)
3. Compute the residual w(m*1) ;= ¢(m) — ugn)
4. If Hu(mH)Hé > €, set m < m + 1 and start from 1.

Then, after M iteration steps, the approximation of u by the iterated ANOVA is given by
M (m)
Y m—1Ugs and has the error

o Sl = o <

It is noteworthy that for & = {(}, this method results in a typical low-rank approxima-
tion [ACF10, GKT13|, since in that case all u(em) ,m=1,..., M are products of one-dimensional
: (m) . _
functions v, ,i =1,...,d.
The iterated ANOVA presented here is a non-linear method and the convergence properties
are not clear. We consider the relation to low-rank models interesting but we now turn back to

linear ANOVA decompositions.

2.3 Decomposition of functions based on expected values

In Section 2.2, we gave a self-contained view on the ANOVA decomposition of functions. Even
though the low-dimensional interaction terms are cheap to handle, their computation can be
expensive, which is why we often resort to the anchor ANOVA from Example 2.15. However,
it is also advisable to exploit the structure of the functions we want to decompose.

This section deals with the ANOVA decomposition of functions that can be expressed by (2.21)
or (2.23), respectively. To be more specific, we would like to compute u : [0, T] x R — R with

u(r,x) = E[g(X(7) + x)] , (2.64)
where X is a Lévy process. Assuming that X(7) is distributed as 17, we can rewrite (2.64) as

u(r, x) = /Rd g(x+y)np(dy) . (2.65)

When d is relatively high, the discretization of u as well as the integration task (2.65) become
challenging, and this motivates the ANOVA approximation of u by a superposition of low-
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dimensional projections into the subspaces Viy, m € &. Recall from (2.61) and (2.62) that

us(r,x) = S Q = 30 S (—pEm QY ) (%)

mes meG nCm

—Z( S oY QYo%) (2.66)

neG& me6G,mdDn

where the projections Q" and Q" are only applied to the space variable x. Depending on &, ug
is a good representation of u, but the main question is whether we can compute the projections
QVu in (2.66) cheaply, i.e., without having to compute u from (2.64) first. There are two
approaches:

e Computing the eract low-dimensional terms Q) u

— In Subsection 2.3.1, we choose unit functions v;,4 = 1,...,d that are reciprocal to
the measures j;, i.e., pi(dz) = v;(z)"*de. That way we obtain the exact [QY u](,x)
for all 7 > 0 at the same time, but the approach is somewhat impractical from a
numerical perspective.

— In Subsection 2.3.2, we consider processes X (7) with components that are indepen-
dent Brownian motions and space weights p; that are also Gaussians. We show how
we can compute [QY u](T,x) for an a priori chosen 7 = T. This is helpful but does
not allow to deal with general Lévy processes.

e In Subsection 2.3.3 we do not decompose and approximate the solution u but instead the
initial condition g. To this end, we replace g in (2.64) by gg and regard the terms

1QYu)(r,x) = / 1QYg)(x + yu ) (dym)
Rm

as approximations to QY u. This turns out to be the practically most relevant approach,
and we will use it in our numerical experiments in Chapter 6.

2.3.1 A direct decomposition of the solution for Lévy processes

In the ideal case, the computation of (2.64) and the projections @} commute. This is in fact
the case for a special choice of measures p; and unit functions ~; for i = 1,...,d. Then, we can
express (2.66) as

us(rx) = (3 ()P HF)QVE[G(X(r) + x)]

neG meG,mdDn

=3 (X o IE[[QNg] (Xa(r) +x)] - (2.67)

neG meG,mDn

Note that the terms in (2.67) only depend on the marginal processes Xy, so that the underlying
PIDEs (2.30) are only #n-dimensional.
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Setting

We assume functions v; € L1(R),i = 1,...,d, that are strictly positive and satisfy
pi(dz) = ~;(z) " tdz . (2.68)

This implies that the measures p;,¢ = 1,...,d, are absolutely continuous with respect to the
Lebesgue measure and the constants (2.48) are given by

cliy = / Yilws) s (da;) = / vi(zi)dz; < 0o .
RrR{i} RrR{i}
The following Theorem shows that under these special circumstances, the m-marginal Xy, of
the Lévy process X is sufficient for computing QY u.
Theorem 2.19. Given an initial condition g € La(ug), the ANOVA projections of the func-
tion u from (2.65) are given by
[Qunu)(7.%) = E[[Qp 9] (Xun(7) +%)] .
Proof. We apply the projection as defined in (2.49) to u from (2.65) and obtain

@m(7:3) = gl r0im G [

R?\m /]R@ 9(%m @ Zo\m + y)io(dy)- ’Y@\m(zg\m)/iﬁ\m(dz@\m)

—alwromCxom) [ [ g(Gm+ ) 0 (o + Yorm)dzo i dy) . (269)
R® JRD\m

where we used Yp\m(Zo\m)Ho\m(dZp\m) = dZp\m, see (2.68), and changed the order of integra-
tion in (2.69). Now, we use the simple integral translation zg\m + Yo\m — Zp\m to eliminate
the dependence on ygp\n. This leads to

[Qmu](Tv X) = CQS{m’Y@\m(XD\m) /]R® /RD\m g((Xm + ym) © Z@\m)dZQ\mnﬁg (dy)
= /R@ C;S{m%\m(xg\m) /RQ\m 9(Xm + Ym) © Zo\m) - Y0\m (Z0\m) b0\ (dZ0\m )75 (dY)
= /R33 [Qung)(x + ym) i (dym) = E[[Qy 9] (Xin(T) + x)] - (2.70)

Note that (2.70) no longer depends on yg\n, and we can safely replace the integration measure
np(dy) by 17, (dym), which happens to be the distribution of the marginal Lévy process X (7)
at time 7. O

The result of Theorem 2.19 shows that the expected value and the ANOVA projections
commute for all 7 € [0,7]. This, however, is only the case if the measures u; and the unit
functions ~; are related like in (2.68).

Let us briefly assume that the QY ,m C D, are given by

Qhal(0 = [ glxmozaim)dzain (271)
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even though these QY. do not not constitute well-defined ANOVA projections, see Remark 2.18.
In this case, the QK directly commute with the computation of the expected value, since

@ul(rx) = [ [ aloemozmin + )i (dy)dza
= [ [ 00+ ym) o 20 )z i ) (2.72)
R® JRD\m
~ [ Q¥+ vy

Note that the equality (2.72) is possible due to a variable substitution zp\m + Yo\m — Zo\m;
which has no further effects when integrating with the Lebesgue measure over R®, just as
in (2.69). However, as we said already, (2.71) is not a valid projection, and this was just for
discussion.

Let us conclude this subsection with a short error discussion. Note that for bounded func-
tions f with f < 9 asymptotically for ||x|| — oo, we have

113 = [ 1xPunlax) = | 0P ax S [ amxdx <.

and thus f € La(up). Now, we consider the error we make by using the ANOVA approximation:
As we compute the exact and (-, -)p-orthogonal ANOVA components of the function f, we obtain

1F = feliouey = D QW FlIZ 000 »

meD\&

S0 up is directly relevant for measuring our error. For Gaussian densities

1 o2

e 2 for i=1,...,d,

the corresponding p; would no longer be finite measures but put an exponentially increasing
weight on the tails. So, measuring our error with respect to ug is somewhat of a relative
error criterion: In the tails of vp, where the function f with f < ~g is small, the error of our
approximative method needs to be small as well since it is magnified by v45 ! However, as our
ultimate goal is to compute numerical solutions which need some domain truncation sooner or
later, this consideration is only philosophical in nature.

In summary, the balancing requirement (2.68) allows us to directly compute the ANOVA
components of the function u(r,-) by solving only lower-dimensional subproblems (2.67). In
the next subsection, we present another special case for which this is possible.

2.3.2 A special decomposition of the solution for Gaussian processes
In this subsection, we assume

vi=1 and pi(de) =py,(z)de for i=1,...,d,
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where \; > 0, and where
1 _ a2

p)\z(:[:) = me

denotes the density of a N'(0, \;)-distributed Gaussian variable. The multivariate case is then
given by

p (dx) = pa(x)dx

with A = (Aq,...,A\g) and
d
pa() = [ o) (2.73)
i=1

The marginal densities of (2.73) are given by

Pan(xm) = [ p2i(@i) for mcCD

Em

and because of the product structure it holds that

pA(X) = PAm (Xm) : p)\g\m (Xﬁ\m) .

Furthermore, we assume that the Lévy process in (2.64) has triplet (3,0,0) with ¥ =
diag(c?,.. ., 03) and 02 > ... > O'?i > 0. This means X has no drift, no jump term and only
a diagonal covariance matrix. At first sight, this case looks artificial, but any problem based
on a geometric Brownian motion for S(¢), i.e., an exponentiated Lévy process without jumps
in (2.17), can be expressed in this setting using the transformations in Subsection 2.1.1, see
also [Rei04, RWO07|. Here, the 0%, . ,aﬁ can be thought of as the eigenvalues of the original
covariance matrix, see Theorem 2.6 for the necessary orthogonal transformation. This results

in a process X that starts in 0, and X(7") for T' > 0 is distributed with density

15 (dx) = pry2(x)dx

where To? = (To?,...,To?).

In Theorem 2.19 we showed that under special circumstances the ANOVA projections Q)
commute with the computation of the expected value in (2.21). A similar result holds for
Gaussian space weights and the multi-dimensional Brownian motion as well, as the following
theorem shows.

Theorem 2.20. Let X be a Lévy process with triplet (diag o?,0,0), where o = (02,... ,02).
Furthermore, let QY ,m C D, be the ANOVA projections based on the space measure pip(dx) =
pa(x)dx, where X = (\1,...,\q) is the vector of variances used in (2.73). We denote the
ANOVA projections based on the space measure ﬂ% (dx) = pry7o2(x)dx by @X’T. Then, for a
function u given by (2.64), it holds that

@Tx) = [ ([ o055 )0 82100117015, 3010 71 ) ()

:E[[Qn‘:’Tg] (Xn(T) +xm)] -
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Proof. Let us briefly recall (2.65) for 7 =T
u(Tx) = [ gt yrb(dy)

and that g(Xm©Zp\m+y) = 9((Xm+¥m)©(Zo\m+Yo\m))- Then, the projection QY u from (2.49)
yields

QT = [ [ gl ¥a)  (s2\m + Yo\ 03 13 n(210)

:/ (/ / 9(Xm + ym) © (Zo\m + Yo\m)) (2.74)
m RP\m JRD\m
P02 01 (YO\m)PA  (Z0\m)AZ0\mdYD\m ) (2 (i)Y -

A simple variable substitution zZg\m + yp\m — Zp\m in (2.74) yields

@@ = [ ([ ollmtym) oz010)

' /R@\m P(To?)o\m (yﬁ\m)px\@\m (Z’D\m - y,g\m)dYQ)\de@\m> (2.75)
" PTo2, (ym)de .

In (2.75), we convolute a ® \ m-dimensional Gaussian density p(7q2) om with a Gaussian density
PAg\m which results in a Gaussian with density p(xy742) oum? 50 that we can deduce

[Quul(T,x) = /m </R@\m 9((Xm + ym) <>z@\m)p(Ta-2+>\)9\m(ZQ\m)dZQ\m> P(To2)m (Ym)dYm -

Obviously,
P(To?)m (Ym)dym = n(dy)
which concludes the proof. O

Theorem 2.20 says that we can compute the ANOVA component QY u of the solution by
solving an #m-dimensional problem with the projection Qm of the initial condition g and the
marginal Lévy processes Xy (7). This is different from the result of Theorem 2.19, since there
we got the correct decomposition for all 7 > 0 and here QKT is T-dependent, which means that
we get the correct ANOVA decomposition of u for one point in time only, namely 7 = T.

2.3.3 Decomposition of the final condition

So far, we computed the correct ANOVA approximation of the solution u given by (2.64) and
learned that this problem reduces to computing ANOVA projections of the initial condition
and computing expected values based on marginals of the Lévy process X. However, we needed
special assumptions like (2.68) or Gaussian space weights and Brownian motions as in Subsec-
tion 2.3.2.
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Now, we assume

wi(Ry=1,v=1 for i=1,...,d (2.76)
and compute an ANOVA approximation of the initial condition

o= (X Comals

neG meG,mdDn

based on the sets in m € &. Note that the assumptions (2.76) allow for most of the common
choices for p;: Lebesgue measure on the unit interval, the Dirac measure in an anchor point
and the Gaussian measure on R. Assuming that gg ~ g, we get an approximation

g (7,x) := Elgs(X(7) + x)] = E[g(X(7) + x)] = u(7,x) ,
to u from (2.64). Luckily, we can compute tg quite efficiently, since

[Z( > U RN g (X () + %)

neG meG,mdDn

- Z( > (= #“) [[Qn 9)(Xn(T) +xu)] - (2.77)

ne®& meG,mDn

As vy, =1fori=1,...,d, the projection Q]‘( g only depends on variables indexed by n. That
means we only need to consider the n-marginal of X(7) and x in (2.77). According to Proposi-
tion 2.3, we know that X, is an #n-dimensional process with Lévy triplet (Qn, @n,vn). We can
now use any simulation-based method or PIDE solver on the problems (2.77) we would have
used on (2.64), but with a significantly reduced computational complexity as we are only deal-
ing with at most #& problems with dimensionalities #n,n € &, instead of one d-dimensional
one.

Error estimates

The question is how much our solution u(r,-) is perturbed by the approximation gs of our
initial condition g. Let us assume that the measure 75 is absolutely continuous with respect to
the Lebesgue measure and that we can express the distribution of X(7) as

no(dy) = kp(y)dy ,

where k3 (y) is a density function. Then we have
2
(T, ) = e (7, Iy i) = (9(x+y) —gs(x+y)kp(y)dy | po(dx)
Iz wa \ Jpa

= [ ([ 6t~ ask5 05~ ) mote

< / lg = g6I3 [IK5 (- = %) po(dx) = llg — gellZ. . (2.78)
Rd T
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where we have used Holder’s inequality in (2.78). So we can bound the Lo(ug) error of the
solution by the Lo, error of the ANOVA approximation of the initial condition g. Instead
of (2.78), it is also possible to obtain an estimate

lu(r,) = a6 (T, ML, (i) < /Rd lg = 981,115 (- = x) |7, 10 (dx) = llg — g8 |17, K517, .

but two obvious problems arise here: g — gg is only in La(up) but not necessarily in the
unweighted Lp-space, and kg is integrable but not necessarily square integrable over R?. Let
us take a look at the Lj(up) error of u by

lu(r, ) — (7, My () = /R d /R (9(x +y) — gsx + ¥)K5(y)dy| o (dx)
- / / (9(y) — g5 (¥))K5 (y — x)dy| a0 (dx)
Rd Rd

< [ 19 - 960l | ¥ox = yInn(ax)dy = 19~ gslz,(05)
Rd R4

with
Th(dy) = [ Kplx=ylunldx) (2.79)

In summary, we find that the L (up) error of u at time 7 is bounded by the L;(¥%) error of the
initial condition, where 97 is the convolution of the space weight with the density function kg
of X(7), see (2.79).

All these approaches are not completely satisfactory, but—not surprisingly—have in common
that a low error in the approximation of the initial condition leads to a low error of ug at time 7.

Interpretation as altered operator

Now we briefly argue that the ANOVA projections QY ,m C D, applied to the initial condition g
result in problems similar to (2.64), but with processes that are no longer Lévy. In [Reil2] it
was already mentioned that the anchor ANOVA means replacing the stochastic process with
zeros in the respective component.

Let us consider one term in (2.77), which for m € & is

m

E[[Qh)xm + Xn(r)] = | [QH)(tn + yi)in(d3i)
=[] ot ¥m) 02\ dz ) ()
= [ 96+ w0 2107 © 1) (A3 0 Z10) (250
so in fact we convolute our initial condition g with the measure ng ® pp\m, which is the
distribution of our process X with the dimensions © \ m replaced by Gaussian white noise (in

case of Gaussian measures p;,7 € ® \ m) or by constants (in case of Dirac measures).
In (2.77), we wrote Ug as a linear combination of low-dimensional projections, but in fact we
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could also view it as a linear combination of high-dimensional problems in the fashion of (2.64)
with a modified stochastic process as in (2.80). We will use this perspective to produce Monte
Carlo simulation results in Section 6.4.

2.4 Common approximation schemes

The description of an approximation scheme consists of three simple steps:

1. The selection of a set $ C P(D) of subspaces Vi, m € 9, that need to be included in our
approximation.

2. The computation of the closure
S=clos(9)={mCD:InecH with mCn}
as the smallest set & that satisfies both $ C & and the admissibility condition (2.59).

3. The computation of

cn:< 3 (—1)#‘“_#“) for ne® (2.81)

meS,mDOn

and

ug =y eaQyu,

neé

where QY is one of the projection methods discussed in Section 2.3.

2.4.1 Truncation dimension

The truncation dimension is a concept from [CMO97|. Given a d-dimensional problem, we
choose a truncation dimension d; with d; < d assuming that the dimensions d; + 1,...,d do
not contribute much to the result. In fact this means that £ contains only one set

H={{1,...,d} }
and & is given by
S={n:nc{l,...,d}}.
It is not hard to see that the coefficients computed by (2.81) in fact look like this

{1 for n={1,...,d},
Ch =

0 else ,

and thus we get ug = Q}{/l,..., AL which means we have to compute only one projection and
the respective di-dimensional problem in (2.77). See Table 2.1 for a list of the involved sets n
for d; = 2 and d = 4. All problems corresponding to the sets below the horizontal line do not
need to be computed.
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Table 2.1: Sets n € & for truncation dimension d; = 2 in d = 4 dimensions

set n | active dimensions | coefficient c,
{1,2} EROO 1
{1} mO0O0 0
{2} om0 0
{} ooon 0

2.4.2 Superposition dimension

The concept of the superposition dimension [CMO97] is a bit more intricate. It means that we
aim to include all interactions of at most ds dimensions. Then, the set §) is given by

H={{mi,mo,... . mg.}:1<mi <mg<---<my, <d}.

Computing clos($)) results in
S={nCD:#n<ds}.

The coefficients are not trivial in this case. We reorder the sum in (2.81) with respect to
k := #(m\ n) and use a common identity for series of binomial coefficients

o — dgn(_l)k <d —k#n> _ (pyden <dd_s ﬁ“#?) , (2.82)

Lets have a look at an example with d = 4 and ds; = 2. Then it holds that

(+1)(p) =1 for #n=2,
Cn = (—1)(%) =-2 for #n=1,
+1)(3) =3 for #n=0&n={}.

See Table 2.2 for a list of the involved sets.

2.4.3 Combination of truncation and superposition dimension

We now present a mixture of the two approaches, where for fixed d; and dg with d; +ds < d all
subspaces
Sﬁz{{1,...,dt}u{m1,...,mds}:dt<m1 < - <My, §d}

are included. The closure & = clos($)) is given by

S={uUm:ucC{l,...;di},mC{di+1,...,d},#m < ds} .
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Table 2.2: Sets n € & for superposition dimension ds = 2 in d = 4 dimensions

set n | active dimensions | coeflicient ¢,
{1,2} ERCO 1
{1,3} EOR[O 1
{1,4} [ pEpmy | 1
{2,3} OENE[ 1
{2,4} om0om 1
{3,4} gdomm 1
{1} BO0O0O -2
{2} omQoQd -2
{3} gomQ -2
{4} ooom -2
{} ooono 3

On the coefficients c¢yum € 6 with u C {1,...d;} and m C {d; + 1,...,d}, #m < d,, this has
the following effect

s—#m,  q\k(d—#m _
o — (=R (™) for uw={1,...,d:}, (2.83)
0 for wC{1,...,d:}.

To see that cyum = 0 for u C {1,...,d;}, we have to pick an i € {1,...,d;} with i € u and
evaluate (2.81)

om= 3 (—1)pl#n—hi—tm (2.84)
pune®
pOunOm
= Z (— 1)l —gm Z (—1)lplH#n—ul—sm
punes puneS
iZp,pDu,ndm 1€p,pOu,ndOm
— Z (_1)|P\+#ﬂ—|u|—#m _ Z (_1)|P|+#ﬂ—|u|—#m —0.
punes punec
i€p,poOu,ndm i€p,pDu,ndm

For the sake of readability, we tacitly assumed that p C {1,...,d;} and n C {d; + 1,...,d}
in (2.84). Note that the same idea was already used in the proof of Lemma 2.13. Essen-
tially (2.83) means that the first d; dimensions are always included and we get coefficients (2.82)
applied to the dimensions {d; + 1,...,d} with superposition dimension ds. This explains why
this is the combination of the truncation and the superposition dimension. Table 2.3 shows the
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simple case of d = 1 and ds = 1 in d = 4. Three two-dimensional and one one-dimensional sub-
problems have to be computed there. In Table 2.4, we see the same setting with superposition
dimension dy = 2 and in Table 2.5 with truncation dimension d; = 2.

Table 2.3: Sets n € & for truncation dimension d; = 1 and superposition dimension ds = 1 in
d = 4 dimensions

set n | active dimensions | coefficient c,
{1,2} ERO0 1
{1,3} BR[O 1
{1,4} ECOON 1
{1} BO0O0O -2
{2} omgQd 0
{3} oomQd 0
{4} ogodm 0
{} ogoond 0

Relation to other examples in the literature

The idea of approximating a solution u by a fixed truncation dimension and improving the
accuracy of the result by “corrective terms” dates back to [Rei04, RWO07]. There, a Brownian
motion and a diagonal covariance structure is assumed, and the derivative of u with respect to
the eigenvalues \; of the covariance matrix leads to

d
u(x,t) = uM(x, ) + > () (x,1) — uM(x,1)) + O(|A = AD?) . (2.85)
=2

In [Reil2| we find that the general idea is related to “parameter bumping” known in financial
industry practice, and that corrective terms up to second order look like

u(N) = u(0) + Y (u(X 0)) + > (ulXi, Aj) = u(hi) — u(Ay) +u(0)) + O(|AI) . (286)

=2 i#£j

Without introducing the used notation, the similarity of (2.85) and (2.86) to the combination
formula (2.55) is obvious. In [SGW13] a proof is given that explains the dimensionality reduction
of the associated PDEs by showing that the marginal of a heat kernel is the heat kernel of a
lower-dimensional problem. In [RW13] we find a discussion of more complicated stochastic
processes than the Brownian motion and numerical results for exotic options like Bermudian
swaptions and Ratchet floors.
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Table 2.4: Sets n € & for truncation dimension d; = 1 and superposition dimension d; = 2 in
d = 4 dimensions

set n | active dimensions | coefficient c,
{1,2,3} EENE[] 1
{1,2,4} EERCN 1
{1,3,4} ELCEN 1

{1,2} BR[O -1

{1,3} |_JEN Rl -1

{1,4} |_BEREE | -1

{1} RO0O0 1

{2,3} OmmQ 0

{2,4} Oomgnm 0

{3,4} ogomnm 0

{2} om0 0
{3} oomQ 0
{4} ooom 0

{} oo 0




40 2 ANOVA decomposition of the backward Kolmogorov equation

Table 2.5: Sets n € & for truncation dimension d; = 2 and superposition dimension d; = 1 in
d = 4 dimensions

set n | active dimensions | coefficient ¢,
{1,2,3} EEE[ 1
{1,2,4} EECHE 1
{1,2} EERCO -1
{1,3} BOED 0
{1,4} mEOOm 0
{1} OO0 0
{2,3} ommQ 0
{2,4} Oomom 0
{2} Uomon 0
{3} gomQO 0
{4} ogoom 0
{} ooon 0

We see that there is already a substantial basis in the literature tackling the problem of
high-dimensional problems. Our contribution is the rigorous description of the ANOVA de-
composition for general measures p; and unit functions v;,¢ = 1,...,d, in Section 2.2, which
we apply in different ways to the problem (2.64) as described in Section 2.3. We observe that
the resulting problems only depend on lower- and moderate-dimensional marginals of Lévy
processes, which can be computed easily using Proposition 2.3.



3 Discretization of the
moderate-dimensional subproblems

In this chapter, we want to discuss the discretization of (2.30), where the infinitesimal genera-
tor (2.31)-(2.32) is based on the process X with triplet (Q,8,v). Sections 3.1 to 3.5 strongly
rely on [Win09]. In Section 3.6, we discuss the special case (2.42) based on Y and its lower-
dimensional m-marginals Y,, and we state what problems we finally want to solve numerically.

3.1 Function spaces

Let D be an open subset of R? with a piecewise smooth boundary, and let Lo(D) be the usual
class of square-integrable functions on D with norm || f ||%2(D) := [p(f(x))?dx. Then, we can
define the scalar product

() gmpy = Y (0%u,0%) (3.1)

|ee[1<m

for all functions in Lo(D) that have square-integrable weak derivatives 0%f = 9% .- 9% f,
where o = (a,...,q), up to order m € N, see |BraO7a|. This gives rise to the definition of
the Hilbert space

H™(D) :={f € La(D) : || fllgm(p) < o0}

with inner product (3.1) and norm || f| gm(p) := (f; f)}q/i(p The functions in H™(D) are of

isotropic smoothness, and we can define Sobolev spaces Witil mized smoothness by the scalar
product

(w,0)gm (py = Y (0%, 0%) (3.2)

mix

letfoo <m

and the corresponding Hilbert space

mix(D) == A{f € La(D) : [[fll g (D) < 00}

with inner product (3.2) and norm || f{|gm (p) = (f, f)}{/i (py- This smoothness class is rele-

vant when we deal with sparse grid discretizations in Chapter 4. For further information and
combinations of isotropic and mixed smoothness, cf. [GK09].
We now define function classes with zero boundary conditions by

Hi* (D) := {flp: f € H™(R?), flga\p = 0}

and
HS?le(D) = {f|D : f S Hl:’xnlix(Rd)7 f|Rd\D = 0} :

41
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We conclude this short section with a few remarks. Let us denote the space of infinitely
differentiable functions by C*°(D). We define the space of smooth functions with zero boundary
conditions by

C5°(D) == {f € C(D) : supp f < D}
Then, H™(D) N C*°(D) is dense in H™(D), and C°(D) is dense in HJ*(D), i.e., H*(D) is
the closure of C§°(D) with respect to the norm || - ||gm(p). This holds for m € N. Fourier
representations of functions are needed to compute function norms as in (3.1) and (3.2) for
non-integer orders m, but as we do not deal with pure jump processes as, e.g., in [Win09|, we
do not need these spaces.

3.2 Variational formulation

We introduce the bilinear form

qu/daxl P (x)ax (3.3)

i,j=1 J

/Rd /Rd < x+z) —u(x zd:zlggl ) x)dxv(dz) (3.4)

for functions u,v € Cgo(Rd). We assume that the covariance matrix Q is symmetric positive
definite and that the drift of our process X is zero, i.e., @ = 0. Then, [Win09, Theorem 3.2.2]
tells us that we can express (2.30) as the uniquely solvable variational problem:

Find u € Lo((0,T); HY(R%)) N HY((0,T); H'(R%)*) such that

<8u,v> +E&u,v)=0 for 7€(0,T) Yve H(RY (3.5)
O/ ey, o)

with u(0,-) = g € La(R%). In (3.5), (-, ) 1 (Re)+ 1 (re) denotes the duality pairing. The require-

ment g € Ly(R?) can be softened after we have localized our domain.

3.3 Localization
Prior to an effective discretization of (3.5) in space we restrict ourselves to a finite domain
= [¢, Y R, (3.6)
Essentially, this means that instead of computing the quantity
u(r,x) = E[g(X(7) 4 x)]

as in (2.21), we compute
up(7,x) = Elg(X(7) + ¥)1j1p5n]
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where tp is the stopping time of X (7) reaching R? \ D. This truncation can be understood as
an approximation of the price of the option by that of a barrier option, i.e., as an option that
has no payoff if the underlying process X leaves D at least once before maturity.

Given that the payoff function (2.20) grows only polynomially

d

q
g(logs) = h(s) < (Z si + 1) Vse ]Rcéo

=1

and that the marginal Lévy measures v; have densities k; : R — R>( that satisfy

—Bi || f 1
e or z<
ki(2) S ’ 3.7
()N{e_ﬁjz for z2>1, (3.7)

where B;r ,B; > q holds, [Win09, Theorem 3.3.2| states that the solution of the localized problem
converges pointwise exponentially to the solution of the original problem, i.e.

fu(r, x) — up(7,x)| S e MEHIxl (3.8)

In (3.8), the constants v; and 9 satisfy 0 < 1 < min(minle ﬂf, min?zl B;)—qand y2 = y1+q.
The exponential decrease in the pointwise error is also discussed in [CV05]. We see that a fast
decay (3.7) of all marginal Lévy measures implies a fast decay of the pointwise error.

It is possible to balance the domain size and the decay of the Lévy measure instead of using
a hypercube domain (3.6). In some of our numerical experiments it turned out useful to use an
adapted domain

D= (ay,0f) x - x (o, k) (3.9)
with
o, =c¢; — (- o(Xi(T)), (3.10)
o =ei +C-o(Xi(T)) | (3.11)
where ¢ = (c1,...,¢q) is our point of interest, i.e., we evaluate u(7,x) mostly where x is in the

proximity of ¢, and o(X;(T")),i = 1,...,d, denote the standard deviations of the components
of our stochastic process until maturity 7. The particular choice in (3.9) should result in the
same error convergence rates as (3.8) but with an improved constant factor.

As many quadrature rules and discretization choices are typically given for (0,1)?, we need
an affine linear scaling S : D — (0,1)¢ with

— g Tg— oy
é’:){r—)(w}r alﬁ,..., flr d) (3.12)
ap — Qg —
and
Stix— (o7 +z1(af —ay),...,a; +zala) —ay)) .

So, let us assume that u,v € H3(Q4) with Q = (0,1). Then, u(S-) and v(S ) are functions on

the domain D. If we denote their zero extension on R%\ D by Su and Sv, we see the continuity
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and coercivity of the bilinear form
Eqa(u,v) = E(Su, Sv) ,

which is defined on H}(Q%). Now the problem we want to solve reads:
Find u € Lo((0,T); HY}(Q4)) N HL((0,T); H (29)*) such that

<6u,v> + Eqi(u,v) =0 for 7€ (0,7) Yve HHQY (3.13)
or Hl(Qd)*,Hl(Qd)

with u(0,-) = gga € La2(Q%), where Sgqs = g on D.

3.4 Space and time discretization

We need a discretization of (3.13) in space and time. Typically space is discretized first, which
results in the method of lines. Let us assume a discretization space

VN =span{¢; :i=1,...,N}

with N degrees of freedom. Then, the Galerkin projection of (3.13) on Vy results in the
problem:

Find uy € C1([0,T]; V) such that

<aUN,UN> —i-de(uN,UN) =0 for 7€ (O,T) Yoy € Vn (3.14)
87’ LQ(Qd)

with un (0, ) = gga y, Where gga y is an approximation to gga in Vi.
For the time discretization, we subdivide the interval [0, 7] into M + 1 equidistant time-steps

th =kAt,  k=0,...,M,

with At = % and apply the well-known 6-scheme with # = 1 (implicit Euler) or § = %
(Crank-Nicolson).! So we finally have to solve in every time step k = 1,..., M the sequence of
H'(Q%-elliptic variational problems:

Given u(k_l), find u%;) € Vi, such that for all vy € Vi

ALl on) Ly FOEa(uly) uv) = ALl TV o) 1y a) — (1= 0)Eqa(uly ™, un) (3.15)

with ug\?) = gqd - We can easily cast the problem (3.15) in the typical form of variational
problems

a(uly,on) = F* Do) Yoy € Vy (3.16)

"More sophisticated space-time discretizations are available [SS00, GOVO05], but they are beyond the scope of
this work.
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by setting the bilinear form to
a(uly) o) = ANl on) 1y i) + 00 (ul, un) (3.17)
and the right-hand side to
FED(on) = A ul ™, on) ) — (1 - 0)Eqa(uly o) (3.18)
which, in the k-th time step, results in a system of linear equations
Ax®) = p—1 (3.19)
with the stiffness matrix A € RV*N

(A)ij = a(¢;,¢i) for i,j=1,...,N,

the vector representation x(*) = (azgk), e ,:L‘Sl\;)) of
N
w®) = Z x(k)¢J
j=1

and right-hand side
b = P ()

Sophisticated discretization spaces and the preconditioning of (3.19) will be discussed in Chap-
ter 4 and Chapter 5, respectively.

3.5 Convergence rates

In this section we describe some standard convergence results that can be found in [Tho06,
EG04]. Let T, be a regular conforming partition of Q% where h denotes the uniform mesh-
width. Then, for Vi that contain polynomials of maximum degree p — 1 on Ty, we obtain the
order of accuracy p, and the best approximation rate we can expect for a function u € H T(Qd)
with » < p in terms of h is

uhlg‘f/N v — unll s ey S A" llull grqay
where 0 < s < r. The same rate can be expected for the discrete solution of Poisson’s equation
when s = 0,1 and 1 < r < p. Note that the convergence rate is expressed in terms of h,
but h ~ N~1/4 implies N ~ h~%, so the number of degrees of freedom N grows exponentially
with the dimension. Sparse grids, which will be discussed in Chapter 4, offer a remedy if the
necessary regularity assumptions on u are met.

We now turn to convergence results for time-dependent problems. A simple parabolic problem
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with solution u and the space discrete solution uy like in (3.14) results in the estimate

ous.) H ds>
Hr (Q4)

for 7 > 0, which means that we get the approximation error of the initial condition and a term
that depends on the initial condition and the solution, both converging with rate r.
Now, we state a result with discretized time as in (3.15) with § =1

5 )

tr 5
+At/0 H Puls.) H 85

so we have first-order convergence in time. The Crank-Nicolson scheme with 6 = % typically
results in second-order convergence with respect to At and we get

Ju(r) = )55 < N = siel i + O (ol + [ 4

ti
k .
Jutte) = % ey < (lsolaran + [ |

(k) " l2ue
Hu(tk) —Upn HLz(Qd) SChT (HdeHHT(Qd) +/(; ‘ 7 ’ Hr(94d) d8>
ty 3 2
CAL ‘ %)’ H 0 u(s,.>’ ds .
" /o ( ZE ROV e PR

(M)

To summarize the results: The Lo(29) error of our discrete result uy ’ after M time steps
compared to the true solution u(T,-) decreases with rate r with respect to the mesh width A

and with first-order in time for 8 = 1 and with second-order in time for 6 = 5.

3.6 Further simplifications and summary

In this chapter, we stated some well-known results regarding the discretization of the BKE.
Now we become more specific what problem we will finally solve in our numerical experiments
in Chapter 6. For a given process X with triplet (Q,6,v), we can always diagonalize the
covariance matrix and end up with a process Y (7) = B?X(7). Then we need to consider (2.42)
with the infinitesimal generator (2.31) and (2.32) of the process Y (7). This amounts to solving
the equation

(T d 2y d
P S o)+ S BTO) S () (3.20)
i=1 i=1 ¢
o
+ /Rd <U<T,y +z)—v(r,y) — ; ziayk(T,y)) vp(dz) (3.21)

ony € R 7 € (0,T) with a given initial condition v(0,y) = gg(y).

Remark 3.1. The weak form of the right-hand side of (3.20) and (3.21) does not yet result in the
Dirichlet form (3.3) and (3.4). There, zero drift was assumed. We can realize this by a simple
change of variables. Instead of the process Y (7) = BT X(7) and the variable transform y = B?x
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we deal with the process Y (7) = BT X(7) —7B70 and the variable transform y = B'x+7B”0,
respectively.

So far, we have assumed E[|X(7)|] < co and (2.26), which allowed us to use the truncation
function 7 (z) = 1. That setup still covers infinite activity models. However, in our numerical
experiments in Chapter 6, we only work with finite activity models. This means that instead
of the condition (2.3), we have finite activity

A= 1g(RY) = v(RY) < o . (3.22)

This allows us to come up with a simple form of (3.20) and (3.21):

) 4 0%
Y = Z 01272(77 Y) - AU(Ta Y) + / U(Ta y+ Z)VB(dZ) (323)
i R4
d ov
+ Z ((BTO)i - / Zz‘l/B(dZ)) ——(r,y) on yeR%71e(0,T). (3.24)
i=1 R 0yi
Considering

/ zvg(dz) = B'zv(dz) = BT/ zv(dz) ,
R4 Rd R4

we can remove the convection term in (3.24) by using the transformation

y =B'x + BT (0 - / zy(dz)>
R4

instead of the original transformation y = B”x.
We now summarize all the transformations we have used so far. Under the assumption of
finite activity (3.22), the BKE (2.27) and (2.28) can be transformed to the PIDE

d 2,
E o—fg 2 (1,y) /\v(T,y)Jr/ o(r,y+2z)ve(dz) on yeR% e (0,T) (3.25)
Rd

by setting v(7,y) = eI~V (t,s) with 7 = T' — t and

y =BT <x+7'<9—/Rdzu(dz)>) =BT <logs+7(r+0—/Rdzy(dz))> .

The final condition (2.29) becomes an initial condition with

v(0,y) = u(0,By) = V(T,exp(By)) = h(exp(By)) = g(By) = gB(Yy)

see Theorem 2.10. From now on, we refer to equation (3.25) only. The corresponding bilinear
form is

28” av() - u\T,X+2)r\dz)v\X)ax
/RdZ v o — — AX A (4, 0) 1, (ra) //Rd (1, x+z)v(dz)v(x)dx , (3.26)
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which is to be used in (3.5).

The final steps are the localization, transformation to Q¢ and the discretization of space
and time. In the end, we compute gga  as the L2(924) approximation of the initial condition
9aa(y) = g(S71y) in our space Vy, and then solve (3.16) on the basis of (3.26) M times. At
this point we explicitly state the resulting bilinear form a(-,-) from (3.17)

d

a(u,v) 9; 2 N 3;;@) a;il)d + (0N + At /Qd u(x)v(x)dx (3.27)

d

—9]'[ /Qd/m u(x + z)rg(S71(dz)) v(x)dx

with right hand-side (3.18)

d o2 Auk=1) (x) du(x)
k= 1) =(1-6 i Y 2
DDl W P P (3.28)

+ (1 =X+ At / ul (x)dx
0d

— (-0 JJF —ar) /Q /Q w® D (x 4 2o (S (dz)) v(x)dx .

i=1

Having clarified how we discretize the BKE, we now briefly summarize the methods presented
so far:

e We are interested in the function V(¢,s) from (2.1) based on the process S. We know
V (t,s) satisfies the BKE (2.27) and (2.28).

e Due to some straightforward transformations described in Section 2.1, we can express our
problem in terms of v(7,y) based on the process Y, see (2.23).

e Now, for low- and moderate-dimensional d, we can discretize the corresponding BKE (2.42)
directly using the methods described in this chapter.

e If the dimension d is too high to solve the BKE directly:

— We use the ANOVA approximation technique and obtain a superposition of moderate-
dimensional subproblems (2.77) based on the marginals of Y. From Proposition 2.3
we know that the marginals Yy, m € &, have triplets (S, (B70)n, (vB)m)-

— Now, for every m € &, we can solve the #m-dimensional PIDE (2.42) using the tech-
niques described in this chapter. Then, we combine the results using the summation

n (2.77).

In the next chapter, we present the sparse grid discretizations to be used for Vi, and in
Chapter 5 we deal with the preconditioning of an abstract variational problem (3.16) discretized
by generalized sparse grids.



4 Sparse grid spaces and fast operator
application

In this chapter, we recall generalized sparse grid spaces. First we start with a little motivation
based on the multiplication method by John Napier (1550-1617), see Figure 4.1. Obviously,
both input values are given with an accuracy of only three decimal places and there is no point
in computing a result which has a higher accuracy than that. Thus, the intermediate results in
the gray shaded area do not contribute to the final result apart from a small carry of 4+1-1073
and therefore essentially do not need to be computed.

+ 1 1 8 7 0
+ 9 4.9 6
+ 9 4 9 6

Figure 4.1: Multiplication of two decimal numbers
Let us assume that two numbers a = Y2_ ;107" and b = Z?:o bj-1077 with precision p are

given and that we can only perform the multiplication of single digits. Then, we can rearrange
the multiplication

a-b:<i§:p%ai-10_i> - (ébj-m—j) (4.1)

p
=Y ai-bj-107"
1,j=0
2p
:Z( > ai-bj> -107F . (4.2)
k=0 “i+j=k
4,7 >0

As we are only interested in a precision of up to the p-th digit, we can essentially discard any
summands with & > p in (4.2), and instead of performing (p + 1)? multiplications in (4.1), we

49
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only need
P+1DP+2)
2
digit multiplication operations. The same idea can be applied to products with more than two
factors with an even greater reduction in the number of digit multiplications.

I+ +(pt+t1)=

In this somewhat artificial example, numbers are represented in a multiscale system of dif-
ferent powers of 10, and combinations of less significant digits can be discarded. The same
idea applied to the tensorization of a multiscale basis for multi-dimensional function approxi-
mation is the principle of the sparse grid approach. There, the computational costs typically
increase by a factor of 2 between two levels in the multiscale basis, so the gain in efficiency
by discarding finer scales is even larger than in our simple multiplication example, where the
computational costs do not increase for the less significant digits. The sparse grid approach
has been used in a myriad of relevant applications, among them radiative transfer equations
[WHSO08|, high-dimensional numerical integration in finance |[GG03, GH10b|, the Hamilton—
Jacobi-Bellmann equation [BGGK12|, data mining [GGT01, GH09| and time-series prediction
[BG12|, the Schrodinger-equation in quantum chemistry [Yse05, Ham10], the pricing of basket
options [BHPS11]| and PDEs with stochastic input data [BNT10, JR08, NTWO0S|.

In Section 4.1, we give the definition of a generalized sparse grid space and state some
approximation rates. In Section 4.2, we present a redundant but natural discretization of
generalized sparse grid spaces via a generating system. Finally, in Section 4.3, we describe two
matrix-vector multiplication algorithms for operator matrices that stem from generalized sparse
grid discretizations of variational problems.

4.1 Definition

The building blocks of a d-dimensional sparse grid discretization are sequences of dense finite-
dimensional subspaces

VP cvP cvP e . cv®, p=1...d, (4.3)

on the unit interval Q = (0,1), equipped with a scalar product (-,-),. Typically, the spaces
Vl(p ),l € N, in (4.3) are discretizations with dyadically refined linear or higher-order splines
with n; = ©(2') basis functions on level [. Note that often [ = 1 is the first non-trivial level,
but for our purposes it is useful to start from [ = 0. In the following, we consider linear spline
spaces spanned by n; = 241 — 1 hat functions

dri(z) = max(1 — 27 |2 — ;4] ,0) | i=1,...,n, (4.4)

which are centered at the points of an equidistant mesh z;; := 271=1j. See Figure 4.2 for an
illustration of the basis functions on the levels [ = 0, ..., 3. If desired, we can define boundary

functions @10 := ¢rolj 5 and @11 := G+l -
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level [

index ¢

Figure 4.2: Multiscale basis of linear splines

By tensorization, we obtain the spaces

d
n=Qv”,
p=1
where 1 = (I1,...,l3) € N¢ denotes a level multi-index, and ] is a function space on the d-

dimensional unit cube Q¢ := (0,1)? equipped with the tensor scalar product (-,-)y. Then, V] is
the space of piecewise d-linear functions on an (in general) anisotropic full grid with

d
ny = 4V; = H(2lp+1 —1)= @(2|1|1)

p=1
degrees of freedom. It is spanned by the functions
P1i(X) = Puy iy (T1) -+ Pugig(Ta) (4.5)

with x = (z1,...,24) € Q¢ and
icexi={=0n...jo)eN":1<j,<n,,p=1,....d}. (4.6)

The space

V=)V

1eNd
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is equal to the underlying Sobolev space H& (24) up to completion with the H'-norm, see [BGO4].
Note that domains different to Q% can be treated by a possibly non-linear transform to Q¢ and
dealing with the emerging variable coefficient functions, cf. [Ach03].

Remark 4.1. Note that the multilevel spaces 14,1 € N¢ are not the same as the ANOVA
subspaces Vi, m C D, used in Chapter 2 even though the basic idea is similar: The spaces Vi
can be understood as two-level spaces where a dimension i € ® is either active (i € m) or
inactive (i € © \ m).

For our numerical computation, we have to resort to a finite-dimensional subset of V. To
this end, we use an index set Z C N% with #Z < oo whose elements 1 € Z determine which
anisotropic full grid spaces V] need to be included in the discretization space

V= ZVI : (4.7)

leZ

Since Vi C V) whenever k < 1 componentwise, we always silently assume that Z satisfies the
monotonicity condition

leZ.k<l=keZl. (4.8)

This setup allows for dimension-adaptivity, whereas space-adaptivity is not possible since the
subspaces V] are either fully included or excluded by 1 € Z or 1 € 7, respectively.

Which kind of Z we choose now depends on the target accuracy and on the smoothness of
the function class we want to approximate. For example, the full grid space with index set

T=F¢={leN': |l <J} (4.9)
has the approximation property

. 2 < 9—2(r—s)J 2
Ulr‘}ig l[w = l[7s ey < 2 lullrr a)

with rate! r — s and u € H5(Q%). Its number of degrees of freedom grows by O(2%7). Thus, the
accuracy as function of the degrees of freedom deteriorates exponentially with rising d, which
resembles the well-known ‘curse of dimensionality’, cf. |Bel61].

Assuming additional mixed smoothness u € H&miX(Qd), the sparse grid index set

IT=8%:={leN’:|l|; <J} (4.10)

circumvents this problem to some extent, see Figure 4.3 for an illustration. The rate of the best
approximation
. o2 —2(r—s)J 2
Ug‘l/gd [ = [[5s(a) < €2 HUHHITnix(Qd)

in dependence of J is the same? as for the full grid space, i.e. r — s, but the number of degrees
of freedom now only grows by O(27.J4~1). This is a substantial improvement in comparison to

IThis holds for a range of parameters 0 < s < r < p with p being the order of the spline of the space
construction. In our case of linear splines p = 2 holds.
2For s < 0 the order of approximation deteriorates slightly.
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LU0

Figure 4.3: Two-dimensional tensor product of the ladder of dyadically refined linear spline
spaces up to level J = 3. The subspaces of the regular sparse grid discretization are
depicted in solid black

the full grid case. Note that without the stronger assumption of mix-regularity, our sparse grid
approximation rate in terms of J would deteriorate to “7*. For further details, see [GKO09].

Anisotropic sparse grids can be defined by a vector a = (a1, ..., aq) and the corresponding
index set .
To:={1€N":) opl, < J}. (4.11)
p=1
Note that the regular sparse grid (4.10) is a special case of (4.11) with a1 = -+- = ag = 1.

Anisotropic sparse grids are useful to compensate for varying smoothness classes and costs in
different dimensions, see [GH13a, GH13b|.

Depending on the error norm and the regularity of the function to approximate, the con-
struction of Z and V7 can be optimized even further, cf. [BG99, GK09]. Moreover, it is possible
to adapt the index set Z a-posteriori to a given function by means of a proper error estimation
and successive refinement procedure. This approach results in adaptively refined sparse grids,
see e.g. [Feul0, GGO3]. The results in this thesis are applicable to all constructions of Z as long
as (4.8) is satisfied.

4.2 Generating system discretization of variational problems
In what follows we assume H is a Hilbert space and a(u,v) an H-elliptic symmetric positive

definite bilinear form that is well-defined on every 1§ with 1 € N¢. Furthermore, it holds that H
is the a(-,-)-closure of span{Vj : 1€ N?}. We now discuss the discretization of the variational
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problems as in (3.16): Find v € H with
a(u,v) = F(v) Vve H, (4.12)

where I is a bounded linear functional on H.

For discretization level J, we set J := (J,...,J) and then the weak problem (4.12) discretized
on the isotropic full grid space Vj leads to the system

AJXJ = bJ (413)
of ny = (ns)? linear equations with

Ay e R™"™ (Ajg)i; = albsy, ¢31)

and
x3,by € R™ ,(bg); = F(¢3;)

for i,j € x3, see (4.6).

Usually, the system (4.13) is solved using an iterative method. If the bilinear form a(:,-) is
the weak form of a local operator, i.e.,

supp ¢33 Nsupp dyj =0 = a(dsi,¢35) =0, (4.14)

the system matrix of (4.13) is inherently sparse. To be more specific, for our tensor product
discretization of (4.12) on Vj, there are typically no more than 3¢ non-zero entries in the rows
of Ay. This means that we can compute the matrix-vector product Ayxy in O(ny) floating
point operations, however, for bilinear forms as in (3.27) this is not easily possible and we need
complicated algorithms to exploit the structure of Aj.

Furthermore, the condition number of the system matrix Ay is an issue. For the Laplacian
in weak form a(u,v) = (Vu, Vv) 1, qq), the matrix possesses a condition number that is of the
order O(2%7). Thus, classical iterative solution methods for (4.13) like the Jacobi method, the
steepest descent approach or the conjugate gradient technique converge slower for rising values
of J. The same is true for the Gauss-Seidel and the SOR methods.

One remedy is to resort to multigrid methods or to include coarser scales in the discretiza-
tion, as we do in the next subsection. The inclusion of multiple coarser scales is also the key
to discretize (4.12) on the generalized sparse grid space Vz from (4.7), which we discuss in
Subsection 4.2.2.

4.2.1 Generating system approach

For certain problems, we can deal with the deteriorating condition number of Ay with J =
(J,...,J) by a multigrid method or a multilevel preconditioner. Then, the number of iterations
necessary to obtain a prescribed accuracy is bounded independently of J, cf. [Hac85, Xu92,
Bra07b, BL11]. To this end, besides the grid and the basis functions on the finest scale J, also
the grids and basis functions on all coarser isotropic scales are included in the iterative process,
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i.e. the multiscale generating system

J
U{¢l,i:1: (I,...,1) and i€y}
1=0

is employed. Note that there is work that relates classical multigrid theory to multiplicative
iterative algorithms operating on such a generating system [Gri94b, Gri94a|. Furthermore, the
BPX-preconditioner [BPX90| can be identified with one step of the additive Jacobi iteration.
For the discretized Laplacian, both methods guarantee asymptotically optimal convergence
rates that are independent of J.

We follow a different route here that allows us to achieve robustness with respect to the
coefficients of a certain class of PDEs and even a favorable d-dependence of the condition
number, see Chapter 5. To this end, we include all coarser isotropic and anisotropic scales
1 € F¢ from (4.9), i.e., the functions

J
U {sriziex}. (4.15)
leFd
Then, the weak problem (4.12) discretized with (4.15) leads to the enlarged system
of linear equations, with matrix A F of size N Fa X N F and vectors x Fd> b F of size N Fds where
N]_—‘? = Z ny .
leF¢

Due to the dyadic refinement and a geometric series argument, we get that

d d J d J d
Su=YIIm=-TI>Xm =TI -n=T](""?-2-7-1) @7
16.7-'? 16.7-'? p=1 p=11,=0 p=11,=0 p=1

d
< H 2ny = 2dnJ .
p=1

That means we have, apart from a dimension-dependent constant, essentially the same amount
of degrees of freedom as a non-redundant representation of V3. The matrix Aff} is block-

structured with blocks (AJ-‘f})Lk € Rm*m for 1 k € F¢,where
(Azaii)ij = a(¢wj, i) for 1€ x1,j€ xi
and the right-hand side vector b4 consists of blocks (b ;31)1 € R, 1€ Fé, with

(brah)i = F(d13) for iexi.
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Since Vi C V] whenever k < 1, the union (4.15) is a generating system and not a basis. Note
that the non-unique representation of functions results in a non-trivial kernel of the system
matrix A Fds which is thus not invertible. But the system (4.16) is nevertheless solvable since
the right-hand side b Fi lies in the range of the system matrix. A solution can be generated by
any semi-convergent iterative method [Kaa88, BP94|. Many convergence results, e.g., for the
steepest descent or conjugate gradient method, also apply to the semi-definite case, cf. [Gri94b].
There, the usual condition number « is no longer defined, but the generalized condition number
K, i.e. the ratio of the largest and the smallest non-zero eigenvalue, is now decisive for the speed
of convergence.

Of course, at some point, we need to be able to transform the non-unique solution X

of (4.16) to the unique solution xy of (4.13). To this end, we assume to have matrices
I, € R™*™  which represent one-dimensional restrictions from level k£ to level [ for k& > I,
prolongations from level k to level [ for & < [ and the identity matrix for [ = k. Note here that
for k # 1+ 1 the I}; can be expressed as just a product of successive 2-level restrictions and
prolongations, respectively, i.e. we have

Il,k = Il,l+1 .- 'kal,k for k>1 and Il,k = Il,lfl s IkJrLk for k<. (418)

Naturally, the multi-variate case is obtained by the product construction

d
Ik =)Lk, - (4.19)
p=1

Then, for 1, k € F¢, we can express any block (A]:g)l,k € R™M*"™ and any part (bfg)l as
(A]-'?)l,k = II’JAJIJ,k and (b}—f]l)l = ILJbJ y (4.20)

respectively, where J again describes the isotropic level on the finest scale.
Furthermore, let us define the rectangular block-structured matrix Sz € R x(Cilom) by

Srri=(La| .. [15s) .

Then, we can express the block-structured matrix S Fi as

d
Sry =S -
p=1

and with (4.20) we obtain
Apg = S%AJng and bz = s%bJ :

As a result, we see that x3 = S]:dx]_-d solves (4 13), if X4 is any solution to (4.16). Note
that we will never set up the matrices F and ST, in our 1mplementat10n but compute their
application to vectors by a stralghtforward algorithm in O(d-N ]:d) floating point operations
using (4.18) and (4.19).
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4.2.2 Generalized sparse grid

So far, we have described how to include all coarser scales of an isotropic discretization, which
is useful for preconditioning, as we will see in Chapter 5. Furthermore, the multilevel structure
is also a natural way to represent generalized sparse grids with index sets Z. Discretizing the
weak problem (4.12) on the generalized sparse grid V7 with the generating system

or = | J{oiziex} (4.21)
e
now leads to the equation
AIXI = bI . (422)

Here, the matrix Az is block-structured with blocks (Az);x € R™*" for 1,k € Z, where

((Azhk)ij = aldxj, i) for i€ x,je xx

and the right-hand side vector bz consists of blocks (bz); € R™, 1 € Z, with

((bp))i = F(¢13) for iexi.

Similar to the full grid generating system case (4.16), the non-unique representation in the
generalized sparse grid generating system (4.21) results in a non-trivial kernel of Az. Thus, Az
is not invertible. But, again, the system (4.22) is solvable since the right-hand side bz lies in the
range of the system matrix and a solution can be generated by any semi-convergent iterative
method.

We now describe the enlarged sparse grid system (4.22) as a submatrix and a subvector of
the enlarged full grid system (4.16). To this end, let use choose the minimal .J, such that

IcCFy.
Like in (4.20), we can express the blocks of Az and bz with respect to (4.13) by
(Arhk =L gAjIyx and (bz); = I yby
for 1,k € Z. Now, we can express our sparse grid operator matrix by
T T T
and our right-hand side by
bz =Ry zebrs = Ry, F;s;“?bJ : (4.24)

NzxN
where RZ, Fi cR T isa rectangular block-structured matrix with Nz := ZIGZ np and

Il,l for k=1 s

4.25
0 else , ( )

(RI,J—‘j;)l,k = {
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d ]_—d XNpq . . . ..
for 1 € 7,k € F5. Note that RT R, Fd € R 7 is a diagonal scaling matrix in the

T,7¢
enlarged full grid system which simply sets all vector blocks to zero that belong to 1 € .7-"“} \Z,
and R, ngg Fa € RNZXNT is simply the identity matrix on RNz,

» I

Equations (4.23) and (4.24) have been stated for theoretical purposes only, and we of course
avoid the full grid systems A Fi and Ay in our implementation. A proof that the number of
degrees of freedom of our generatlng system has always the same asymptotics in J as the size
of a non-redundant system is given in Section 5.1. In the regular sparse grid case 7 = S¢,
see (4.10), and we thus get Nga = O(27J% 1) in J, see [BGO4].

4.3 Operator application

If the bilinear form af(+, -) is local in the sense of (4.14), the isotropic full grid operator matrix Ay
from (4.13) is inherently sparse and can be applied to vectors with a computational complexity
that is linear in the number of degrees of freedom ny = nf‘}. Due to considerable overlap between
the different subspaces of the generating system discretization, the matrix Az is far less sparse
and exhibits the so called finger structure. An additional challenge is that the index set Z in
general does not have a tensor product structure like

Fi=H{0,...,J} x---x{0,...,J} c N
but can take any complicated shape. However, assuming that the block matrices
Al,k = (AI)I,k € R™*™  for Lkel

admit a representation as a sum of tensor products, we can still efficiently execute the matrix-
vector multiplication with the help of sophisticated algorithms. In this section, we present two
different algorithms that also work for non-local operators.

We assume a PIDE operator of second order with constant coeflicients

d

(Au)(x) = — Z a;j Bxl&c] Zb ) + cu(x) + /Rd u(x+y)v(dy), (4.26)

i,j=1

where the density of the absolutely continuous measure v admits a representation as sum of
products of univariate densities K("P) : R — R>g,7=1,...,R,,p=1,...,d with

R, d
_ Z H KT (y,) dy . (4.27)
r=1p=1

Note that we might have to extent the function u to the whole space R%, e.g., by uragd = 0,
in order to evaluate the integral in (4.26). The weak form a(u,v) = (Au,v)p,(qqe) of (4.26) is
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given by

d ou O
0= 3 0B 0), o S i (29

i,j=1
R,
TR e

Let A7 be the system matrix of (4.28) discretized on V7 with a generating system. Then, we
can express its blocks for 1,k € 7 in the form

Ar = Z a1} @ HYY @ ® M), + Za" @ ®Ml o (429)

t,j=1

i#] p#l J p#l

d (>i) - (p)
>0
+ ) _biHy @ QM+ C® M), + Z ® LS (4.30)
=1 p:l r=1 p_
pFi

with the matrices

(Hl(?/:’p) )ij

(8%]” 8¢”> s L(HP) = ((%k’]’qb”)

ox ' Ox La(9)

, 0Py
(Hﬁp )ij = ((ﬁk,g, e )Lg(m,(Ml(ﬁg)ij=(¢k,j,¢z,i)L2(Q) and
(KEP); = ( / %(-+y>K<W><y>dy,¢l,i) Cr=1...R. (431
R L2(2)

for 1 <17 < ny,1 < j < ng, where the index p in the superscripts denotes the dimension p =
1,...,d the respective matrix is applied to. This example demonstrates that a PIDE operator
as in (4.26) produces blocks Ajk,l,k € Z, that can be written as a sum of tensor product
matrices. Sometimes not all requirements are met: In the case of non-constant coefficient
functions, it is possible to approximate the coefficient functions by another sparse grid [Ach03].
If the integration measure v does not admit the sum of tensor products structure (4.27), it is
still possible to exploit compressibility of the operator matrix, cf. [KK02, Reil0], but this is a
topic outside the scope of this thesis.

In the following, we present two efficient matrix-vector multiplication methods for the system
matrix Az whose blocks can be written as a sum of tensor products. For notational simplicity,
we move from our example (4.29)-(4.30) to an abstract setting, in which we write

(r.d)
Ak = Z Al ®- @A (4.32)
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where the matrices Al(:;p ) € Ruxm satisfy

(4.33)

)

(rp) _ A§§”’)Iz,k for 1>k,
: Ik,lA](;:}f) for <k

forallr=1,..., Raand p=1,...,d.

The first method we present is asymptotically slower but easy to implement and parallelize,
the second one is linear in the degrees of freedom but involves a large constant in the costs
and is quite sophisticated. In both cases, we need to apply the non-hierarchical matrices Al(;’p ),
which can be done in O(n;) for local operators. The application of non-local operators needs
O(n}) operations if treated naively, O(n; logn;) using the circular convolution theorem or only
O(n;) in special cases, e.g., if some recurrence formula is employed, see Section 6.2. For the

following algorithms, we assume that an application in linear runtime is possible.

4.3.1 Single space matrix-vector multiplication algorithm

We start with a simple algorithm that has its advantages with respect to parallelization, but
is asymptotically slower than the one we present in the next subsection. We assume that
= Ry = 1 in (4.32) and drop the index r. Operators with R4 > 1 can be treated by
repeatedly applying the following algorithm and summing over the results.
Given the block-structured vector x7 = (x))1e7 € RMNZ | we want to compute y7 = Arxr €
RNZ. This translates into

y1 = Z WLk with Wik ‘= ALka, ke, (4.34)
keZ

for all 1 € Z. We compute (4.34) by summing over k € Z in an outer loop and computing
the respective wix = Ajxxyg for all 1 € 7 by the single space matrix-vector multiplication.
The tensor product structure of the blocks Ay is relevant, as it helps to avoid computations
in the much larger space Vijaxak) With npacax) degrees of freedom, where (max(l,k)); =
max(l;, k;),i = 1,...,d. To see this, we have to realize that (4.32) in combination with (4.33)
results in

Ak :Al(ll)kl 9 A9

lg,kq
(@ 1@
= Q Al e @ ALY,
pilp<kp q'lq>kq
() B A ®) (@)
( X L, K A )( & kAL 2 & Ik:qk) (4.35)
pilp<kp q:lg=>kq pilp<kp q:lg=>kq

So, when computing wix = AjkXk,l € Z, we can apply (4.35) in two steps. Note that

p (q) min
( ® Ip’ kp™"kpkp ® ® quka)xk € Rtmin(io ’

p:lp<kp q:lg>kq

thus the product structure helps to take the “shortcut” via the space indexed Viyin(1k), where
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min(L, k) is defined analogously to max(l,k). This idea has been introduced in a matrix-
vector multiplication algorithm in the context of PDEs with stochastic input data [ST03], see
also [Zeill|, but the following modified algorithm produces a smaller log-factor in the runtime
complexity.

Now, we carry this principle further and compute all wyx = Ajxxk,1 € Z, simultaneously in
an efficient way. To this end, we use the slightly modified representation

An=( @ 17,0 @ A%) ( @ AV, « ® 1) (4.36)

pilp<kp q:lg>kg pilp<kp q:lg>kg

The single space matrix-vector multiplication is done in two steps based on the representa-
tion (4.36). Algorithm 1 describes the propagation phase, which is similar to a depth-first
search, and computes

Zl,k:( ® Iz(:,)kpAl(cz),kp@’ ® Il(g,)kq>xk

pilp<kp q:lg>kg

for all 1 € Z. Algorithm 2 describes the application phase, where the matrix-vector multiplica-
tion is carried out for all dimensions which have so far only been prolongated. In fact

Wl,k:< ® Iz(:,)l,,@ ® Al(g?lq>zl,k

pilp<kp q:lg>kg

for all 1 € Z. Then the summation y; = ZkeI W1k, 1 € T yields our result vector yz.

As both Algorithms 1 and 2 have a runtime complexity of O(Nz), we can compute all wyx =
Ajxxk,1 € Z, in linear time with respect to the number of degrees of freedom. Summing
over all k € Z computes (4.34) for all 1 € Z in O(#Z - Nz) floating point operations, which
is typically log-linear in Nz. There is no exponential dependence on the dimension and the
algorithm is easily parallelizable with respect to k with up to #Z processes. This algorithm is
especially useful for setting up the auxiliary system of linear equations needed for the OptiCom,
see Chapter 5.

In the following subsection, we present an algorithm with a computational complexity that is
strictly linear in the number of degrees of freedom, but it cannot be easily parallelized and its
computational complexity exhibits an exponential dependence on the dimension in most cases.

4.3.2 Unidirectional principle for non-local operators

The unidirectional principle for differential operators [BZ96, Bun92b, Zeill| is a sophisticated
algorithm that realizes the matrix-vector multiplication for generalized sparse grid problems in
a computational complexity that is strictly linear in the number of degrees of freedom. Now, we
present a generalization from [GH13c|, where it is no longer necessary to specifically tailor the
TopDown /BottomUp algorithms to the operator in use. Moreover, it can be employed with non-
local operators like integro-differential operators. A related abstraction of the unidirectional
principle for multilevel discretizations has been presented in [Zeill].

With the same assumptions as in the previous subsection, we want to compute y7 = Azrxr,
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Algorithm 1 Propagation phase of single space matrix-vector multiplication

Input: multi index k, index set Z and subspace vector xy

OutplIt: 21k = <®Pilp<kp Il(f:)kpAl(CZ)vkp ® ®qilq2kq Il(j?kq>xk’l €I

1: Mark each 1 in Z as ‘“not visited”

2 Zyk < Xk > Start with subspace vector k
3: Mark k as “visited”

4: for alll € Z do

5: if 1 is marked as ‘“not visited” then

6: COMPUTESUBSPACEVEC(I)

7: end if

8: end for

9: return Z17k,1 el

10: function COMPUTESUBSPACEVEC(])
11: if 1 is marked as “visited” then

12: return
13: end if
14: forp=1,...,ddo > Since 1 # k, there is at least one p with [, # k,
15: if I, > k, then
16: I'—1-e, > Decrease p-th entry by 1
17: COMPUTESUBSPACEVEC(I) > Zy k is now set
18: Z1k (Il(f?lFl ® ®q#p Ig:i)lq)z]/k > Prolongate from lower subspace
19: Mark 1 as “visited”
20: return
21: else if [, = k, — 1 then
22: I'<1+e, > Increase p-th entry by 1
23: COMPUTESUBSPACEVEC(I) > Zy x is now set
24: Z1k ((Il(f,)kpAl(cZ),kp) ® ®q¢p Il(j,)lq)zl’»k > Apply matrix A,(Qkp and restrict result
25: Mark 1 as “visited”
26: return
27: else if [, < k, — 1 then
28: I'<~1+e¢, > Increase p-th entry by 1
29: COMPUTESUBSPACEVEC(I) > zZy x is now set
30: ZLk (Il(f,)lerl ® ®q¢p Il(;l?lq)zl/k > Restrict result from higher subspace
31: Mark 1 as “visited”
32: return
33: end if
34: end for

35: end function
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Algorithm 2 Application phase of single space matrix-vector multiplication

Input: multi index k, index set Z and zx = <®p:l,,<kp Il(:)kpAIE:Z)kp ® ®q:lq2k;q Il(;])k,q)xk,l el
Output: wix = (®Z:1 Al(:?kp)xk,l el

1: for all 1in 7 do ) @
2 Wk & <®p:lp<k‘p Ilf:,zp D Qgity>k, Alg,lq>zlvk

3. end for
ie.,
1 d
yi=y (A, @ oA (4.37)
kel
foralll e 7.

First, we start with the one-dimensional case of Z = F} and split the sum (4.37) in two parts

J
yio= D Auxy
k=0

l k
= ZAl:kxk + Z AngXk . (438)
k=0 k=Il+1

Both sums in (4.38) need to be treated separately. As already indicated, the representa-
tion (4.18) of prolongations and restrictions is a very efficient tool to transport intermediate
results. The computation of the first sum in (4.38) can be done using the TopDown algorithm.

TopDown algorithm

The TopDown algorithm uses a simple recursive relation to compute

I
yi = Z Ay Xy (4.39)
k=0

for all 0 <[ < J. First, we define vectors

I
2= Txp,
k=0

for I =0,...,J that satisfy the recursive relationship

l -1

zZ = le,kxk = E L L exe+x =1 12-1 + %
k=0 k=0
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for I > 1. Now, (4.39) can be expressed by

l l

Vi=> Al =AY Tpxp = Ayz . (4.40)
k=0 k=0

As long as the prolongations I;;_; and the application of the matrices A;; work in linear time,
the TopDown algorithm is of optimal order. The whole procedure is described in pseudocode
in Algorithm 3.

Algorithm 3 TopDown algorithm
Input: Matrices A;; and x; for [ =0,...,J
Output: y; = ZZ:O A pxp,l=0,...,J

1: zg < Xo

2: yo A070Z0

3: foralll=1,...,J do
4: zp < Lz +x
5: y Al’lzl

6: end for

BottomUp algorithm

The BottomUp algorithm computes

J
y, = Z Ay pxp, (4.41)
k=l+1

forall [ =0,...,J — 1, and we define y, =0 The recursive relationship

J

Y, = D> Auxi+Aaxi
k=142

J
= Il,l+1( Z Ajq kX + Al+1,l+1xl+1>
k=(1+1)+1
= I <X1+1 + Al+1,z+1Xl+1) . (4.42)
holds for I = J —1,...,0. Clearly, all ¥, can be precalculated in linear time provided that the

restrictions I; ;1 and the application of the matrices A;; work in linear time. The pseudocode
is given in Algorithm 4.
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Algorithm 4 BottomUp algorithm
Input: Matrices A;; and x; for [ =0,...,J
Output: Xl = Zg:l—&-l AU@X;{;,Z = 0, ey J
1: XJ ~—0
2: foralll=J-1,...,0do
3: y, < Ii g (Xl+1 + Az+1,z+1xz+1)
4: end for

Multi-dimensional case

The multi-dimensional case can be reduced to the recursive application of the one-dimensional
algorithms TopDown and BottomUp. To this end, we split and rearrange the sum

1 2 d
1= Z (Al(l,)kl ® Az(g,)kz ®--Q Al(d,)kd)xk VieT.
keZ

So, for all 1 € Z, we need to compute

1 2 d
o= Z (Al(lv)kl ® Il(2,)l2 Q- ® Il(d,)ld) ’ (4.43)
k1 <lywith
(k1,l2,...,lg)ET
1) (2) (d)
Z (Ik17k1 &® A127k2 R R Alde) X(ky k... ka) (444)

(k2,...,kq) with
(kl,kg,.‘.,kd)EI
1) (2) (d)
+ Z <Il1,l1 ® Al2,k2 Q- ® Aldch) ’ (4'45)
(k2,...,kq) with
(I1,k2,....kq) €T
1) (2) d
Z (Al(l,kl e P Il(cd),kd)x(k1,k2,...,kd) - (4.46)

k1>1p with
(kl,kz,...,kd)ez

Now, (4.43) resembles the application of the one-dimensional TopDown algorithm, and (4.46) re-
sembles the application of the one-dimensional BottomUp algorithm. The sums (4.44) and (4.45)
are the result of a recursive application of the multi-dimensional algorithm with the first dimen-
sion left unchanged. The monotonicity condition (4.8) ensures that intermediate results can be
stored with the same complexity as x7 and the final result yz. Specifically, we know that

(ll,...,ld) e,k Slli(kl,lg,...,ld) el

in (4.43) and
(k‘l,...,kd) e,k >llé(l1,k‘2,...,kd) el

in (4.45), which means that intermediate results can be represented as generalized sparse grid
functions with the same index set Z. See Algorithm 5 for a description in pseudocode, where
we use the shorthand notation

KU {k‘p} = (k1,...,kq)
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for k' = (/{1, .. .,kp_l,k‘p_H, .. .,kd) e Ni-1,

Algorithm 5 Unidirectional principle

Input: Index set Z, Matrices Afpk), LkeZand p=1,...,d, vector xg

(1)

: d
Output: yr = (y1)iez With y1 = > 7 (All’k1 R ® Al(d’)kp)xk forallleZ
1: yz < UNIDIR(0, x7)

2: function UNIDIR(p, x7) > p is active dimension, x7 the input vector
3: if p = d then

4: return > Nothing to do
5: end if

6: Z7 ¢ X7 > Copy input vector
7 if p # 0 then

8: for all k' € N?~! for which 3k, : K’ U {k,} € Z do

9: BOTTOMUP((Xk)k::k’u{kp}627 (A](fzkp)kp:k’U{kp}GI) > Apply (446) to x7 in place
10: end for

11: end if

12: UNIDIR(p + 1, x7) > Recursive call (4.45)
13: UNIDIR(p + 1, z7) > Recursive call (4.44)
14: if p # 0 then

15: for all k' € N?~! for which 3k, : K’ U {k,} € Z do

16: TOPDOWN((Zk)k::k’u{kp}el" (A]((}I;)J{;p)kp:klu{kp}el-) > Apply (443) to z7 in place
17: end for

18: end if

19: X7 ¢ X7 + Z7

20: end function

Note here that the cost complexity of the algorithm is only linear with respect to the degrees

of freedom if the cost complexity of the univariate operator applications is linear. However, two
recursive calls per dimension lead to 2% calls of the function. This exponential dependence of
the computational complexity on the dimension is undesirable, but can be avoided in special
cases, see [Feu05]. Note that the parallelization of the unidirectional principle is far from trivial
due to the involved recursive nature of the algorithm, see [HSB12].



5 Preconditioning of high-dimensional
elliptic equations

In this chapter, we develop additive (sometimes coined “parallel”) Schwarz preconditioners for
generalized sparse grid discretizations of symmetric H-elliptic variational problems

a(u,v) = F(v) YveH, (5.1)

where H is the |- || := a(-, -)%—closure of span{Vj : 1 € N%} and F is a bounded linear functional
on H. The main focus of this chapter is on generic H'- or Hfr’llix—elliptic problems. Ultimately,
we will apply our preconditioner to variational problems (3.16) that arise in the course of solving
the BKE, even though they can be asymmetric. Our preconditioners still work well in these
cases. Note that by our choice of subspaces in the additive Schwarz setting, we obtain methods
that are in fact preconditioners for the system of linear equations (4.22), which is the generalized
sparse grid version of (3.19).

For isotropic full grid discretizations, an optimal iteration count which is independent of the
number of degrees of freedom is typically achieved by multiplicative multigrid methods [Yse93,
BL11, Hac85, Gri94b|, the additive BPX preconditioner [BPX90, Osw92, Osw94| or wavelet-
based methods. In the sparse grid case, the condition number is more difficult to reduce
than in the regular full grid case. For example, already for a straightforward regular sparse
grid discretization, cf. [GO94|, a simple diagonal scaling similar to the case of the BPX-
preconditioner does not result in asymptotically bounded condition numbers in dimensions
d > 3. Here, more complicated basis functions like prewavelets offer a solution [GO95b].

The main idea is to apply a subspace correction method to (5.1), where the subspaces solvers
are based on auxiliary bilinear forms on the anisotropic full grid spaces that compose the
sparse grid. Their relative scaling is at our disposal and amounts to a diagonal scaling of
the operator matrix of the discretized system (4.22). We heavily rely on a norm equivalence
based on orthogonal complement spaces. First we show that, for a certain class of second-order
PDESs, the norm equivalence constants are independent of the space dimension and the diffusion
coefficients. Then, based on the norm equivalence, we infer quasi-optimal scaling factors for our
full grid spaces by a Linear Program (LP). This approach closely follows the lines of [GHO15].
We prove that O(J%2) is a lower bound for the condition number for any positive diagonal
scaling.

This motivates the use of partially negative scaling factors, and we present an algebraic
transformation that results in optimal condition numbers. In fact, we even observe falling
condition numbers with rising dimension for the Laplace operator discretized by a regular
sparse grid. We also present a method closely related to a prewavelet approach which results
in exactly the same condition numbers as the algebraic transformation, but only needs positive
scalings and produces symmetrizable matrices, see also [GH14b].

67
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If a norm equivalence is not available, we can still employ a non-linear variable precondi-
tioner [JN99| that has been referred to as OptiCom in the case of sparse grids in data min-
ing [Heg03, Gar06, HGCO7|. We describe an efficient implementation based on the single space
matrix-vector multiplication presented in Chapter 4. This reduces the typically quadratic costs
of the OptiCom to log-linear with respect to the degrees of freedom if the associated bilinear
form a(-,-) is given as a sum of tensor products. All preconditioners allow a CG version, and
with the exception of the variable preconditioner, possess a cost complexity that is only linear
with respect to the degrees of freedom.

This chapter is organized as follows: In Section 5.1, we describe a well-known equivalence of
norms for Ht-elliptic problems and prove that its norm equivalence constants are independent
of the diffusion coefficients and the space dimension. In Section 5.2, we build the connection
between the norm equivalence and our generalized sparse grid space via the theory of subspace
splittings. In Section 5.3, we derive a Linear Program to find close-to-optimal positive scalings
but prove the limits of this approach for H'-elliptic problems. In Section 5.4, we admit negative
values for the scaling of our generating system and thus obtain optimal condition numbers.
The same condition numbers are realized by a block-diagonal preconditioner in Section 5.5. In
Section 5.6, the non-linear variable preconditioner OptiCom is described. Section 5.7 contains
experiments up to dimension d = 10 that support our theoretical findings.

5.1 Norm equivalences based on orthogonal subspaces

(

Introducing the orthogonal complement spaces T/Vl(p ) = Vl(p ) Ovm V, b i for [ > 1, and setting

Wép) = 0(p)7 we can write V' as the (-,-)y-orthogonal (from now on V-orthogonal) sum V =
Diene W1 of the subspaces

m=we.. ow? 1= (l1,...,1q) € N¢.

lg

Similarly, any finite-dimensional space V] = V}El) ®...0 V}gd) C V,1e N9 is the V-orthogonal
sum V| = @y« Wk, where the inequality k < 1 is meant componentwise. Furthermore, it is
easy to verify that

VI = @Wk (5.2)

keT
can be written as V-orthogonal sum of the subspaces Wy with k € 7.

Based on (5.2), we can estimate the redundancy we create by using a generating system
instead of a basis. Let us assume that for our spaces Vl(p),l eN,p=1,....,d,

c-m-—1<n < n-1< %-nz
holds for [ > 1, e.g., ¢ = 2 for dyadically refined linear splines. Then,

dim W, =ny —n_y > (1— L)y
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and
dimVz =) dim Wi > (1 - 4> me= Ny < (1-1)~4dim 7z, (5.3)
kel keT

which means we can limit the number of degrees of freedom in our generating system Nz by the
dimension of V7 times a factor (1—2)~%. It is not hard to see that this factor is relatively sharp,
and thus, for ¢ = 2, we have a factor of about 2% more degrees of freedom in our generating
system than needed in the sparse grid space. This result coincides with the somewhat simpler
calculation (4.17).

The basis for many further considerations in this thesis is the assumption of a set of fixed
positive weights Sy, k € N¢, and a norm equivalence

Auin Y Bicllwiclt < llully < Amax D Bicllwcl (5:4)

keNd keNd

where 0 < Amin < Amax < 00 and the wy € Wi,k € N?, denote the components of the unique
V-orthogonal decomposition of u € H, i.e., u = ) ) cne wk. The estimate (5.4) is assumed to
be sharp, which means that the norm equivalence constants Ay, and Apax are given by

ullZ [

Amin ;= inf and A = sup .
P oueH Yy e Bicllwi| [ T ozuer Dwena Bicllwilff

From now on, we use the symbol ~ to indicate such an equivalence, and call K = Apax/Amin
condition number of the splitting.

The described setup is motivated by the discretization of H'-elliptic problems by generalized
sparse grid spaces V7 over the d-dimensional unit cube. The restriction on ¢ is |t| < r + 3/2 if
we use C" spline spaces of fixed degree m > r + 1 over dyadic partitions of step size 27! as the
building blocks pr ). Then, the equivalence of norms (5.4) has the form

lullige = 3 22w qay, [Kloo = max ki (5.5)
keNd

where the wy € Wy, k € N? denote the Ly-orthogonal components of the function u € H?,
see [Osw94| for this kind of results. A more general result for Hﬁ’llix—elliptic problems is stated
in |[GKO09].

We now single out the case of linear spline spaces for H'-elliptic problems and take a look
at the norm equivalence constants for a special set of weights (fxk)yene. Due to Jackson- and

Bernstein-inequalities [Dah96, Osw94| for dyadically refined linear spline spaces (Vl(p ))?217 p=
1,...,d, we have a norm equivalence

(9u 8U> Z )
a0 = Billwillg Q) (5.6)
<8m Oz La(Q)  leN ’
for u € H(Q) with 3, = 22y = > ien Wi, where wy € Wi, 1 € N, and 0 < )\Eii)n < )\gix < 00. Of
course, (5.6) holds also for u € VJ(p ), p=1,...,d, with norm equivalence constants )‘gi)ff] > )\I(ii)n

and /\SQ’XJ < )\ng for all J € N. The next theorem shows that this norm equivalence carries



70 5 Preconditioning of high-dimensional elliptic equations

over to the d-dimensional case with exactly the same norm equivalence constants. This is a
generalization of the proof given in [GH14b].

Theorem 5.1. Foru € H}(Q9), a, >0,p=1,...,d and

d Oou Ov
olwn) =Y ap (g g0) (5.7
; P Ox), Oz Lo ()
it holds that

d
a(u,u) ~ Z (Zazﬂ%’) le“%g(gd) for u= Z w,  with wy € Wi, 1€ N (5.8)

leNd p=1 1eNd

where the constants )\gff) and N9, associated with (5.8) are the same as in (5.6) i.e. A\

in min man
and A%&x = )\%Zw For functions u € V]:f]i =Vy C HS(Qd), the corresponding equivalence

(d),J (1),J 1),J

constants Amas and /\ggz;f of (5.8) are equal to A\mgy and )\gm»n ,

respectively, for J € N.

Proof. We start with the case u € Vfg, J € N. In Chapter 4, the functions (¢,;);-/; formed

a basis for the spaces Vj(p),p =1,...,d. Of course, there also exists an Lo-orthonormal basis
(¥ Jﬂ‘)?il of V. Furthermore, we need the orthogonal decomposition (wm)i}:l of ¥j; € Vy for
alli=1,...,ny withw;; € W;,l=1,...,J and

J
Vi = Zwl,i .
=1

Next, analogously to (4.5), we define

V3:(x) =Yy (x1) Yy, (za) and  wii(x) = wiy i (21) - wiy g (Ta)

for x = (z1,...,24),1 € xgand 1 € .7:?. This opens a direct way to find orthogonal decompo-
sitions of functions u = EiexJ 29034 € VF? by

u:ZziE wl,i:Z E Ziwl,i:zwl

iexs  1eF¢ leFdiexs leFd

with
w] = Z zZjwli € Wi (5.9)
iexy

foralll e ]:f}.

Now, we show that the norm equivalence (5.8) holds for any u € Vfg with the constants
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/\I(ﬁ;’x‘] and )\I(ii)l’l‘] from (5.6). It holds that

a(u, U) :Zap<ai Z 1¢J i 8 Z J¢J,J> »(0) (510)

p=1 Piexs P jexs

d 9 d
z;oz IEZ EZ ( Zﬂl}sz, apoWJ,jp)LQ(Q)g(@bj,z’q,%,jq)m(ﬂ) (5.11)

XJJEXT I
d
= Z Z (7 Z “i U{Zp}¢JZp’ Z i U{Jp}wJJp) (5'12>
p=1i=i\{ip} Prip=1 Pj=1 L2 (Q)
iexg

We obtain (5.11) by repeated applications of the distributive law and by using the product
structure of the Lg-scalar product. Then, the orthonormal basis property of the (i;);;
cancels all terms for i # j4, ¢ # p and we get (5.12). Here we use the notation

i \ {ip}:(il,...,ip_l,ip+1,...,id) and
iU {ip} = (i1s- - ip—1,tpliptt, - - -, id) -

We can apply the one-dimensional norm equivalence (5.6) to (5.12) and obtain the upper bound

d
Z max Z Z 22l ( Z Zj ’U{zp}wlp,lp7 Z Zi ’U{]p} lp,]p)L o) (513)

i 71\{'517} lp=1 ip=1 Jp=1
iexs

max Z Z Z Z 22lp lelp,zpaZJWZp,]p L2(Q) * H szqa¢qu La(Q (514)

iexgjcxg lp=1

qsﬁp
d d
=M Do D D D 2 (e iy 20,5, ) o) H<wzq,iq,wzq,jq>mm (5.15)
p=1 iexsjexslerd =1
qsﬁp
_)\I(nla.)( Z (Za 2211)) ( Z RiWl,i, Z ZJWI,J) @) (5.16)

le]-‘J iexy J€xa

In (5.13) and (5.14), we used the distributive law again and reintroduced the terms we dropped
previously. In (5.15), we replaced the 1 ;;, and 1, by the decompositions Zizl wi,,i, and

22{1:1 w,,j,» respectively. Then, in (5.16), we recombined the product of d one-dimensional
Lo-scalar products to one d-dimensional Ls-scalar product. Note that the lower bound with

Amin can be proven in the same way. Now, in combination with (5.9), we know that (5.8) is a

norm equivalence with constants )\I(TQ’XJ < )\I(m)lx and )\( ) > )\Eil)r’l‘].

It is almost trivial to prove the sharpness of the estimates, i.e. to show that indeed )\f;ﬁ;;] =

/\ﬁmlx nd )\( ) )\( )/ . Choose the functions u%&x‘] S V}p),p = 1,...,d, for which the

min min
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maximum in (5.6) is attained and plug the multivariate function
d
1),J
= H ugne)xx (xp)
p=1

into (5.10). This results in an equality instead of an upper bound in (5.13). The )\I(ffi)l’l‘]—case can
be shown analogously.
We can now easily extend this result to any function u € H}(Q2%) by a density argument and

A = lim ADT — 1im AT = AL
max ma. J—)OO max max
Again, the )\Egi)n—case works analogously. O

Theorem 5.1 is important to understand why the condition numbers of sparse grid discretiza-
tions of the Laplacian decrease with rising dimension. We will discuss this effect in Subsec-
tion 5.7.1. The following Theorem also includes a reaction term.

Theorem 5.2. Let )\Sizn and )\%Bw be the norm equivalence constants from (5.6) for functions
u € Hy(Q). Foru€ Hy(Q), ap>0,p=1,....d,7>0 and

d
ou Ov
CL(U,U) = Zap <axp’ a;ljp)LQ o + ’Y(U,’U)LQ(Qd) 5 (517)

it holds that

2
a(w )~ 3 (Z%ﬂp S )le\|L2 o Jor u=>w (5.18)

leNd p=1 mm leNd

with wy € Wy,1 € N%. The norm equivalence constants Aggn and )\%()w of (5.18) satisfy )\Egz)n >
ADand A, < A0k

mwn

Proof. The proof consists of an application of Theorem 5.1 and a simple inequality

d
alu,u) <A D7 (D2 a2 )il a0y + 708 0) 100

leNd  p=1
& i
1
= AS;X Z (Z ap22 p) ”le%Q(Qd) + )\I(nlgx)\(l) Z HwIH%Q(Qd)
leNd p—l max |cNd
< AS;X Z (Z%}Qﬂp + \a )HwIHLg Qdy -
leNd p=1 xt mm
The lower bound is proven analogously using —fy- > S R O

Amin a )\Sl)n +>\x(r}a>mx
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What we have shown is that the norm equivalence constants of (5.4) for any bilinear operator
in the form (5.7) and the weights 8 = %, a,,2%7,1 € N, are equal to AW and Al from (5.6)

=1 min
and thus independent of the diffusion énoefﬁcients and even the dimension. This results also
covers bilinear forms with a reaction term (5.17). In [DSS09|, a similar result regarding the
robustness and dimension-independence of condition numbers was proven in the context of the
best N-term approximation using L2 (0, 1)-orthonormal wavelets. The norm equivalence (5.8)
can also be found in, e.g., [GKO09] or in [GO95b| for the two-dimensional case, but there no
special attention was paid to the dimension-independence of the equivalence constants. In the
next sections we assume a norm equivalence in the general form (5.4) and use it as the basis to

derive an optimal diagonal scaling for our generating system.

5.2 The theory of subspace splittings applied to sparse grids

If a basis of V-orthonormal wavelets is available, we can use the norm equivalence (5.4) to
precondition the sparse grid operator matrix based on the bilinear form a(-,-) and obtain an
upper bound K := Apax/Amin for the resulting condition numbers. However, we shun the effort
of finding and implementing such a basis and stick with our generating system. The question is
now what diagonal scaling preconditioners are available to realize a condition number as close
as possible to k.

In Subsection 5.2.1, we recall some facts about subspace correction methods [Xu92, Osw94| for
solving a variational problem (5.1) in a Hilbert space H. We slightly depart from this standard
theory and introduce scaling parameters for the subspace solvers in Subsection 5.2.2. We apply
the theory of subspace correction methods to our generalized sparse grids in Subsection 5.2.3
and discuss the implementation in a generating system in Subsection 5.2.4. This section and
the following ones closely follow the lines of [GHO15].

5.2.1 Subspace splitting theory

Let H;,i € I, be auxiliary Hilbert spaces with an at most countable index set I (if we discuss
algorithmic issues, we silently assume that I is finite). Each H; carries a symmetric H;-elliptic
bilinear form b;(u;,v;), and writing {H;;b;} indicates that we use this bilinear form as scalar
product on H;. In general, the H;, i € I, are not assumed to be subspaces of H, and in order
to relate them with H, we define bounded linear embedding operators R; : H; — H. We call
the formal decomposition

{Hia} =Y Ri{H; b} (5.19)

i€l

a stable space splitting if for any w € H there is at least one H-converging representation of

the form
u=>Y Ry, v E€H, i€l (5.20)
i€l
and
0 < Ampin = inf a(u, 7“;) < Amax 1= sup alu, 7“;) < 0, (5.21)
u€H |[|ulf| ueH |[lull
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where

2 .
= nf b (vi, v;) - 5.22
lhull?® = i zmm; i (v, vi) (5.22)

The constants A\pin and Apax are called lower and upper stability constants, and k£ = Apax/Amin
is called the condition number of the space splitting (5.19), respectively. It is easy to see that
frames and fusion frames [CKO04, Osw09| are special cases of this definition, where a(-,-) =
(-,-)m, the H; are closed subspaces of H, the scalar products b;(+,-) = w; - (-, )y are modified
by weights w; > 0, and the R; denote the natural embeddings H; C H for ¢ € I. In the frame
case, the H; are one-dimensional spaces and are spanned by individual frame elements, see
also [KOPT13|. Specific examples of stable space splittings related to sparse grid discretizations
will be given in the Subsection 5.2.3.

To formally define the core subspace correction methods associated with a stable space split-
ting (5.19), we define the adjoint operators R : H — H; by

bz(Rfu,vZ) = a(u, Ri’l)z') Vv; € H; , (5.23)

and set T; := RiR; : H - H,icl,and P =}, ;T;

The additive Schwarz method for (5.19) (also called parallel or asynchronous subspace cor-
rection method) is then given by the iteration

w(m+1) m)—i-wZTe m 4 wPe™  m=01,..., (5.24)
el

where the single relaxation parameter w > 0 is to be chosen appropriately and e(m) .=y — (™)
denotes the current error. The essential work to be done is to compute all ugm) =R e(™ e H;
by solving the subproblems

bi(ugm),vi) = a(u— u(m), Rv;) (5.25)
= F(Rlvl) — a(u(m),Rivi) Yo € Hi, 1€1.

The theoretically best value of w is given by w* = 2/(Amin + Amax), since the operator P =
Y icr T; satisfies the identity

a(Pu,u) =Y bi(Rju, Rju) = || Pul/?
i€l

Together with (5.21), this implies that Apin(P) = Amin, Amax(P) = Amax, and x(P) = k. Thus,
the best possible error reduction factor in the energy norm for the linear iteration (5.24) is given

by
2

1+k
This simple result has appeared in many papers, see [Xu92, Osw94, GO95al.

p = iI;% |IId — wP|lg = |IId = w*Plja =1 — (5.26)

Since in practice the value w* is hardly accessible, one often determines in each iteration the
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value ) m)
(m) _ a(Pe™ ™) 5 o7
W = (et pam) (5:27)

which corresponds to finding «(™*1 by solving the minimization problem

1
o(u™ + W™ Ppe™) s min - with  @(u) = gl w) = F(u)

w(m)

or, equivalently, by minimizing the energy error

[ — u(™ — W™ Pel™)||2 - min (5.28)

(m)

with respect to the parameter w(™ > 0. The iterative method with the parameter choice w(™
from (5.27) can also be interpreted as steepest descent method for the quadratic minimization
problem associated with the linear variational problem

a(Pu,v) = f(Pv) Vve H, (5.29)
which is a preconditioned version of (5.1). Consequently, since

e V0 = flu = (™ + @™ Pty < inf [1d = wPllalle"™ o = plle™ |la .

this method is as good as any linear method (5.24). Note furthermore that the conjugate
gradient method can be realized by minimizing the energy error

[ — ul™ — W™ pelm) — (M) (4, (m) _ g, (m=1)y)2 _, (H)liI% : (5.30)
w m 777 m

in every iteration step [GL9I6|.

An alternative to the above additive Schwarz method is the multiplicative Schwarz method
(or synchronous subspace correction method), where in the n-th step only one index i = i e
is picked, the corresponding subproblem is solved and used to immediately update the iterate
according to

u™ ) =™ L WTe™, n=0,1,... . (5.31)

Here, various rules for choosing the next subproblem index (™) (cyclic deterministic rules,
random choices, greedy pick, and their combinations), and block updates (intermediate between
the additive and multiplicative versions) have been proposed, see for example [GO12].

The convergence theory of multiplicative Schwarz methods is a bit more intricate. Generally
speaking, they often are slightly faster than additive Schwarz methods (to achieve a fair com-
parison, usually #1 steps of the multiplicative method are combined into one step). A potential
drawback is that the multiplicative method is less straightforward for parallelization. Since our
focus is on the choice of scaling parameters in additive Schwarz methods, we do not want to go
into detail but refer to the literature, see [Xu92, Gri94a, Gri94b, Osw94, GO95a, XZ02, Osw09,
GO12].
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5.2.2 Introducing multiple scaling factors

From now on we slightly depart from the above theory and ask the question if the introduction
of individual scaling parameters w; offers additional improvements. To this end, we keep the
basic setup of given auxiliary problems in {H;,b;}, and consider the family of iterations

wm D) = 4, (m) 4 ZwiTie(m) =u™ 4+ Poe™, m=0,1,..., (5.32)
i€l

where P, = Zie ;wiT; and w stands from now on for a set of scaling parameters (w;);cr. Con-
vergence of this linear iterative method is guaranteed if and only if P, is strictly positive definite
(Amin(Pw) > 0) and Apax(P.) < 2. We note that enforcing the upper bound Apax(P,) < 2 is
not a major concern. For this, we can, at little extra work, determine an additional relaxation
parameter using the steepest descent approach, and guarantee an error reduction of at least
1 —2/(1 + k(P,)). Thus, the question about guaranteeing best convergence rates for (5.32)
is essentially equivalent to determining positive definite P, with (close to) minimal condition
numbers. To this end, let €2 denote the family of all parameter sets w such that P,, is bounded
and strictly positive definite. Then, the optimal error reduction rate p* can be expressed as

2
* = inf : :
T K nf k(Py) (5.33)

p" = inf 14— Pulla =1 -

Note that 2 may contain parameter sets with some negative or zero w;. To cover such situations,
the theory of subspace correction methods based on stable space splittings (5.19) is not of
immediate help, as it can only deal with the case w; > 0. Indeed, the operator P associated
with the space splitting (5.19) becomes P,, if the auxiliary bilinear forms b;(u;, v;) are replaced
by their weighted versions w;” ! -bi(ui, v;), i € I. Thus, whenever the space splitting is stable, and
0 < Wnin < w; < wnax < 00, the space splitting with these modified auxiliary scalar products
is also stable according to (5.21), and satisfies

Ymin o (P) < k(P,) < SR (P

Wmax Wmin

For w; > 0 and finite I, this rough estimate guarantees w € €2, but does not help in minimizing
k(Py), nor in dealing with sets w € ) that contain some negative w;.

A priori choice of scaling parameters

We want to find a set w* € €2 that realizes or at least comes close to the optimal error reduction
rate (5.33), i.e. p* = p(P,+) and k* = Kk(P,+), respectively.

Even though we do not believe that this leads to a practically useful approach in this gen-
erality, we mention that the problem of finding w* can be formulated as semi-definite program
(if H is finite dimensional, and I is finite). To this end, we set

/0 0 ([ -T, 0 , (1d 0
Ao ) a0 n ) =(50)-

Then minimizing the value of A\ with respect to the vector of variables (w, A) subject to the
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constraint that
A+ wiAi+IA >0 (5.34)
icl
is a semi-definite program [VB96]|. It computes the set of weights w* that realizes the optimal
error reduction rate (5.33) under the constraint that the 2 x 2-system on the left-hand side
of (5.34) is positive semi-definite. If (@, A) is a minimizer of (5.34), we have

2%
14+ M\

K* =, w;

1€l

For related problems, we refer the reader to [KOPT13| and the references therein. In this
chapter, we tackle this problem for sparse grid discretizations in a less general but more efficient
way by incorporating knowledge on the tensor product structure of sparse grid spaces and a
norm equivalence (5.4).

5.2.3 Subspace splittings for generalized sparse grids

In Subsection 5.2.1, we recalled the general theory of additive subspace correction methods
and introduced multiple scaling parameters in Subsection 5.2.2. We now become more specific
and put the theory in the context of generalized sparse grid spaces. First, note that the norm
equivalence (5.4) is in fact a stable subspace splitting

{H’ a('v )} = Z {kaﬁk(" )V} (5.35)

keNd

with a finite condition number denoted by x". Note that in (5.35) we have a decomposition of
H into a direct sum of V-orthogonal subspaces, which allows us to omit the trivial embedding
operators R}V : Wy — H that correspond to the R; in (5.19) and (5.20).

Of course, for any generalized sparse grid space Vz C H, (5.4) implies an associated stable
subspace splitting
{Vr,a(, )} =Y Wi, B, v} (5.36)
keT

with condition numbers ﬁ%v uniformly bounded by £". Thus, if #7 < oo, we arrive at subspace

correction methods for solving (5.1) on generalized sparse grid spaces H = V7 with convergence
rates that are uniform with respect to Z. The computational cost per step of these optimally
converging methods essentially depend on the involved subproblem solvers TIZV V= Wi
Since Wy C H, we can write (5.23) for b;(-,-) = (-, )y directly in the form

(T u, wy )y = au, wy) vV wyg € Wi .

We still have to account for the Sx-weights in (5.36), which is done in the update step of the
resulting subspace correction method

M) — g (m) 4 o ZwleTlfve(m)v m=0,1,... (5.37)
kel
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by setting wl‘{/v =B !k € 7. Here, an appropriately selected relaxation parameter 7 > 0 guar-
antees convergence rates uniformly in Z. Note that methods like steepest descent or conjugate
gradients determine 7("™) automatically in every iteration step m.

However, computing with the spaces Wy is often not as convenient as computing with the
original anisotropic full grid spaces V. This is why we now turn to the splitting

{VI7Q('7')} = Z{WaVl('?')V} (5.38)

e
with positive weights 1,1 € Z, which only needs subspace solvers TIV V=WV CVg,
(T u, vy = alu,vy) VueWw,

that operate on full grid subspaces. The subspace correction method, which is based on the
V-splitting corresponding to (5.38), is then of the form

wm ) — o (m) 4 - ZWIVTIVe(m)’ m=0,1,..., (5.39)
lez

with wlv =m ! The next subsection deals with the implementation of (5.39) in a generating
system for given scaling factors wlv . In the sections after that, we explore possibilities to
determine optimal or close-to-optimal weighs ~;" 1 and the corresponding scaling factors wlv ,
such that the resulting convergence rates are competitive with the rates of the W-splitting

based method (5.37) for given [y, k € 7.

5.2.4 Implementation

In this section, we describe the implementation of the sparse grid subspace correction meth-
ods (5.39) and discuss the computational complexity of one iteration step. For representing
elements in our generalized sparse grid space V7, we use the generating system ®7 from (4.21)
with N7 degrees of freedom. We assume that the unidirectional principle from Subsection 4.3.2
is available, which allows us to compute the matrix-vector product

YI=A1Xz = Y= Z Z a(dry, dri)rey;  Viex,lel
keZ jexk

with a computational complexity that is linear in the number of degrees of freedom N7.

In the last subsection, we did not need the embedding operators R; : H; — H from (5.19)
and (5.20), since the corresponding RY : V1 — V7 are simply the identity in the subspace case
W C Vz and could be dropped from the notation. In the matrix-vector setting, we need however
the associated rectangular matrices Rz € RNZX™ that act as the identity on coefficients that
belong to 14, and pad all other entries with zeros. Note that Rgl € RM*NT crops a generating
system vector by extracting only the coefficients that belong to éubspaee .

Now, let X(Im) € RN be the vector representing the current iterate u(™ in the generating
system ®7. The corresponding residual is then given by

e —b— Apxd™ = Azel™ |
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(m) (m)

where ey’ := x7 — Xy’ is the current error vector. The auxiliary variational problem (5.25)
for the space V] translates into

Mi(xy™) = R (br — Azx(™) = RE x| (5.40)
where M; € R™*™ ig the mass matrix on the subspace V] with

(M) = (15, 015)v Vij€Ex,

which in the linear spline case and (-,-)v = (-,*),(qq¢) is simply a d-fold Kronecker-product
of tridiagonal matrices (or band-limited matrices in the higher-order case), and can therefore

(m)

be inverted with computational costs of O(n;) operations. Having solved for x; ", the vector
representation of ufm) = Tlve(m) is simply RI,lxl(m). Obviously, these tasks can be performed
for all 1 € Z with total costs of O(Nz) operations. The topic of the following Sections 5.3
and 5.4 is how to choose scaling factors wlv ,1 € Z. For now, we assume the wlv are given, and
So we can set
x (m+1) Zwl Rz 1X1 n(™) (X(Im) - X(Im 1)) (5.41)
leZ

with optimal 7™ and 7™ = 0 for the steepest descent case, and optimal 7™ and 7™ for
the conjugate gradient (CG) case. The computation of the optimal values 7™ or (7(™) 5(™)
associated with the minimization problems (5.28) and (5.30) leads to a 1 x 1 and 2 x 2 system
of linear equations in the steepest descent and CG case, respectively. Setting up the system
requires only a fixed number of matrix-vector multiplications, which can be computed with
O(Nz) operations. The solution for 7™ or (7(™) 7(™)) can be done with costs of O(1), and
the update step (5.41) is linear in the number of degrees of freedom N7z. Altogether, we arrive
at a complexity of the order O(Nz). This holds for any generalized sparse grid space.

5.3 Positive scalings for sparse grid subspace correction methods

In the following subsection, we present a method that explores the theory of stable subspace
splittings and shows how to determine (positive) y-weights by solving a linear optimization
problem such that the condition number of the splitting is in some sense minimal. Then, in
Subsection 5.3.2, we show that H’-elliptic problems and the best possible positive scaling lead
to condition numbers of ©(J92) for J — oo for dimensions d > 2, which we can substantially
improve by admitting negative scaling factors in the subsequent Section 5.4.

5.3.1 Formulation as Linear Program

Now, we want to determine weights y; > 0,1 € Z, such that the splitting number KZI of (5.38)
is small. To this end, we take a detour: Instead of estimating ¥ by comparing a(u,u) = ||u|/?
and the squared splitting norm

[ s >l (5.42)

ez o7
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associated with (5.38) directly, we concentrate on comparing H|u|\|%,n}I and the squared splitting
norm

Mallsyyar = S Aol s = w, wi € W (5.43)
keZ kel

associated with (5.36). We define

2 2
oy My el

. = P -~ D )
min wevy |||u”|{’y]}z,v max

2
AT

WV . \WV
I o A

WV AWV which is the relative condition number between the

and try to minimize s oin

two splittings

> (Wi Bl vy and DY {Vm(, v} (5.44)

kel leZ

based on the same underlying generalized sparse grid space Vz. Since

a(u,w) a(u, u) ‘ H|UH’%Bk}I,W

)

2 = 2 2
lulltyyzv Mullfsgw  Nulliyy,y
we get an upper and lower estimate of the condition number /@‘I/ of (5.38) as

max(ry kY V1) < kY < ki ¥V (5.45)
Thus, under the assumption that an orthogonal splitting (5.36) (with a preferably low H%/ ) is
available, the minimization of /@%V V results in tight upper and lower bounds for n‘I/ .

In the remainder of this subsection, we express /{%V V' in explicit form as a function of the
parameters wlv =y 1'>0, 1€ Z, which can then be minimized using an LP. Note that we do
not exclude the case wlv = 0 (formally, this corresponds to 73 = oo) for which the corresponding
subspaces 1] in (5.42) and thus the corresponding operators 7} in (5.39) are “switched off”. As
a first step, we express the norm [|ull|;,,,, 1 in terms of V-orthogonal decompositions into the

subspaces WA7.

Lemma 5.3. For weights 1,1 € Z, and ayx,k € I, with

ag = (Z Wt for keI, (5.46)
1>k
the norm (5.42) is given by
el = Ml a0 (5.47)

Proof. We obtain the result by the following rearrangements

2 - . 2
\HU”|{~YI}I,V = ulelaﬁeI Zlez’YIHUIHV
U=31czW
SEE T ) ST
wl,kem}f,lez,kgl ez llwnielly

_ k<1
“—Zlez,kglwl,k -
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DL 9 BN
WK EWiKET 1>k £~ 12k w7

UZZkez,lzkwl,k
where we first replaced each u; by its unique V-orthogonal decomposition u; = ), -y w1k with
wrx € Wy, and then changed the order of summation. Note that wy = Elzk wykx must hold
for all k € Z. Thus the infimum and the summation over k commute, and we get

(A = > if "
{miz,V wy €W, 1>k 1>k v
kel W=D 1>k Wik

=2 (lekfl)il [wrl[¥ - (5.48)

keZ

The equality (5.48) follows from solving a quadratic minimization problem, see also [GO95b].
Note that we can conclude that oy > 0 for all 1 € Z if « is finite for at least all maximal
subspaces V] in V7 (i.e., those V} for which V) C Vi C V7 implies k = 1). But this must be true
for any splitting (5.38), which concludes the proof. O

Lemma 5.3 says that the norm [[- ||y, v is also the norm of a weighted space splitting of Vz
into V-orthogonal subspaces Wy with the ay-weights from (5.46). Since W-splittings are direct
sum splittings this means we can easily compute the splitting condition number K,g/ V' between
the V-splitting and the W-splitting in (5.44) by directly comparing Sy and ay for k € Z. The
following theorem is therefore an immediate consequence of Lemma 5.3.

Theorem 5.4. Let Z be an index set, and consider the splittings in (5.44) with weights (fx >
0)kez and (M1 > 0)1ez, where v < 00 or wlv = 'yl_l > 0 for at least all mazximal subspaces V) in
Vz. Then, the best constants in the norm equivalence

2 2 2
NiallallZ v < Ml 00 < AmacllallZ,

valid for any w =) ) 7wk € Vz, where wx € Wy, k € Z, are given by

A = max E —1 and Amin = Min g -1
max ket ﬁk 121(71 min KeT Bi 121{7]

In particular, it holds that

—1
wv __ maXxkez BkZ]ZkV]
Ky &= = — — - (5.49)
MiNke7 6k212k'71

W

Now, we want to minimize x wv

V' with respect to ()1ez. To this end, we write Kty instead of

mg/ V to indicate the dependence of the condition number on the set of y-weights and formulate
the problem of finding the optimal weights and scaling parameters

(M ez = argmin(vpo)lezmggr with w = (n)"L1€7Z, (5.50)
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as the LP
Minimize A
subject to Zwlv > Bt Vkel (5.51)
1>k
and B A=) w >0 VkeZ (5.52)
1>k
and  A>0, wy >0 VkeT, (5.53)

which can then be solved by one of the common LP algorithms. The vector of unknowns
()\, (w) )161) of this LP is of size #7Z + 1. As we will see, the parameter A represents an upper
bound for /@gl‘iz.

Let us check that the above LP is indeed minimizing
are equivalent to

KV . The inequality constraints (5.51)

I}I

By o =1l keT,

which ensures that for any feasible vector the denominator of (5.49) is at least 1. Moreover, the
inequalities (5.51) imply that for any k € Z there is at least one 1 > k in Z such that v < oo,

i.e., feasible ()\, (wlv )161) create admissible weight sets such that Vz = > 1c7 V4. The other set
Y <oco
of constraints (5.52) can be rewritten as

By i SA, keT,

which implies that for any feasible vector we guarantee that A > /@m‘iz according to (5.49).
Altogether, this specifies a LP with non-empty feasibility set, and any optimal solution provides
a set of weights (7 )1ez minimizing Ii{mfn‘iz.

Now, we return to the H'-elliptic model problems given in Section 5.1 and prove upper and
lower bounds for the condition number.

5.3.2 Bounds for H'-elliptic problems

In [GO94], a set of y-weights for a regular sparse grid space splitting (i.e., (5.38) with Z = 8¢
from (4.10)) was constructed which resulted in a condition number /{gd = O(J%?) for the
J
special case of H'-elliptic problems discretized by linear splines. Theorem 5.5 gives a similar
result for general H'-elliptic problems. Note that it is asymptotically sharp, i.e., /ﬁ}gd possesses
J

a matching lower bound.

Theorem 5.5. Let d > 2, and consider the discretization of a H'-elliptic problem with reqular
sparse grid spaces ng based on C" splines of degree m > r + 1, where 0 < t < r + 3/2. We

denote the condition number of the splitting (5.38) with T = 8% and the set of weights (M)ez

by kY. . For optimal y-weights, the condition number Y. grows as O(J¥2) in J, i.e.,
{71}531 {71}53

1t holds
max(ch_Q, 1)< inf K}{/Vl}sg < CJi-2
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with constants 0 < ¢ < C < oo independently of J > 1.

Proof. According to (5.45), it is sufficient to prove this result for the optimal value of x!¥ {7} ,
S

of (5.44), where the underlying weights S = 22kl K S , originate from the well- known

norm equivalence (5.4) for H'. To obtain upper and lower bounds, we use the characterization

of the optimal /{?fyl‘; . via the LP. The value of A associated with any feasible solution of the LP
ST

gives an upper bound for Hm‘i .- We choose the set of weights (71)¢ s¢ from [GO94| to define
S7

the wlv as follows:

272 1]y = J
w =¢ 272 1=(l,....), 1=0,...,|J/d], (5.54)
0, otherwise .

It is easy to check that, with this choice for the wlv , the inequalities (5.51) are automatically
satisfied since, for any k € Sﬁ, there is a l € Sf]l with 1 > k such that wlv = Bl:l. Indeed, if
k= |kloo < J/d, then 1 = (k,..., k) € 8% will do, if k¥ > J/d then we can find a 1 > k with
lloc = k, and |1|; = J since k < |k|; < J and dk > J.

The inequalities in (5.52) are satisfied by determining a suitable A\. To this end, we have to
bound the maximum of the quantities

Ak = Pk Z wlv, kES?
1e54:1>k
— 92t[k|eo

Since Sy depends on k = |k|s only, the maximum of the A\ with the same value k is
obtained for k = (k,0,...,0). Thus, for each £ =0,...,.J, we must ensure that

[J/d]
A>A7 Zthkl+222tkl Z 1.
1>(k,0,...,0)

The first sum stems from the w) > 0 with 1 = (I,...,1) > (k,0,...,0) (if such indices exists
in Sf;), and is uniformly bounded with respect to k& and J since ¢ > 0. The second sum stems
from the remaining non-zero w!" with 1 > (k,0,...,0) and [l|; = J, ordered by their value
[ :=|l]oc > k. For a rough estimate of the counting sum, observe that

1> (k,0,...,0): ]1]1_J|1\OO_Z}CU{I =1,y lj=J-1}.

J#i
Thus,
Y 1<d-#{mneNT: =7 -1} <CdJ?
1>(k,0,...,0)
W=, 1o =l

with C” independent of I, k, and J. This shows that the first and second sum together, and
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thus the maximum of the A, are bounded by CJ% 2, with a constant C' independent of k
and J. As a consequence, we can always choose some A\ < CJ (@=2) to arrive at a feasible vector
()\, (wlv)lez)- This gives the desired upper bound.

A matching lower bound can be found from considering the corresponding dual LP. To for-
mulate it we use two vectors y = (yk)kGSf} and z = (Zk)kesj associated to (5.51) and (5.52),
respectively. The dual problem then reads

Maximize Z B M (5.55)
keS¢
subject to Z Bl <1 (5.56)
keS¢
and S <d e viess (5.57)
k<1 k<l
and y,z>0. (5.58)

All we have to do is to find a feasible pair of vectors for this dual LP and to evaluate the target
function on it. To this end, fix the smallest integer k£ > J/2 and set

L 2%k k = (k,0,...), [ 22k k= (k,ko,... ka), k1 =T,
k7 o, otherwise , Y = 0, otherwise .

These vectors trivially fulfil (5.56) and (5.58). For (5.57) observe that 3y ) yx contains exactly
one non-zero term (namely y = 22% if k = (k, ko, .. ., kq) satisfies |k|; = J and equals 1). Since
(k,0,...,0) <1 for such 1, we have

2%tk = Zyk = 2(k,0,..,0) = 221 .

k<l 1<k
For all other 1, the inequality (5.57) is automatically valid since ) 5, ., yk = 0.
Now, the value of the target functional for this feasible pair of vectors is

 Bltue= D>, 12T -k zesi?,

kesg ko+...+kq=J—k

where we have used the fact that, due to k > .J/2 for all k with yy = 2%** > 0, we have |k|o = k,
and thus 3, 1yk = 1. This proves the lower bound. ]

For standard H'-elliptic problems (¢ > 0) in dimensions d > 3, Theorem 5.5 shows that we
cannot expect an optimal preconditioner derived from (5.38) using positive weights only. We
investigate the possibility of negative scaling factors oJIV in the following Section.
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5.4 Unconstrained scalings for sparse grid subspace correction
methods

In the last section, we have seen that for sparse grid discretizations of standard H'-elliptic
problems (¢ > 0) in dimensions d > 3, we cannot expect optimal convergence of the subspace
correction method (5.39) using positive scaling factors wlv ;1 € Z, only. In this section, we
see that there is an algebraic transformation that allows us to obtain optimal convergence
rates, i.e., the same rates we would expect from a W-splitting based method (5.37) given the
norm equivalence (5.4). To this end, we have to circumvent the subspace splitting theory
since partially negative scaling factors occur. We explicitly state for which sets of positive and
negative scaling factors the resulting subspace splitting operator remains positive definite. First,
we need the V-orthogonal projectors QY :Vz — V) and QKV : Vr — Wiy with

QY u, )y = (u,n)v Vo eV and
(QKVU, wk)v = (U,wk)v Vwyg € Wy,

respectively. The following simple lemma proves helpful for future considerations.
Lemma 5.6. For k <1, we have QETIV = TIY and Q}:VTIV = TIEV.
Proof. This immediately follows from

QYT u, vy = (TV u, o)y = a(u, vi) = (TY u, vi)y Vg € Vi,

and
QY TV w,wi)y = (TY u, wi v = alu,wy) = (T w,wy)y ¥V wy € Wi .

O

The following theorem gives a formula for rewriting the subspace correction scheme based on
a W-splitting (5.37) as a subspace correction method based on a V-splitting (5.39).

Theorem 5.7. We have

Yo T =) W'

keT 1leZ
if
w' = Y (=Dl (5.59)
ec{0,1}¢
1+ecZ

Proof. From the classical combination technique [GSZ92, BGRZ94, BGR94, HGCO7| for pro-

jections based on tensor scalar products, we know that

Al = Y (D Q.. (5.60)

ec{0,1}¢
k—ecT
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This carries over to the subspaces solvers by using Lemma 5.6 twice, i.e., we have

T =QUT = Y ()l = > (-nehnl,.
ec{0,1}¢ ec{0,1}¢
k—ecZ k—ecZ

Then we can easily write

Dok T = Y W Y (DR,

keT keT ec{0,1}¢
k—ecZ

= > (X el )n
Iel  ee{0,1}4
I+ecZ

O

Theorem 5.7 shows that our W-splitting based Schwarz operator can be expressed using the
operators TIV only. A similar idea was already used in [BPX90| for the full grid case, i.e.,
when the underlying space splitting is based on spaces V; := V|; ;). Often, this case is benign
because for scaling parameters le = 2728 typical for H'-elliptic problems with ¢ > 0, we have

W =Wl - wleI:l _ 9—2t _ 9=2t(1+1) _ 9=2(1 — 27 %)~ IV
which means that we do not need to form orthogonal complements at all, neither implicitly nor
explicitly. In our sparse grid case, the differences involve however 2¢ terms, and we generally
cannot expect wfV o~ wlv to hold uniformly in 1. Moreover, negative wlv are possible.

If we set wlzv =1 for k € Z, Theorem 5.7 yields the standard combination technique [GSZ92,
BGRZ94, BGR94|, a popular method for approximating sparse grid solutions of, e.g. partial
differential equations. Our case differs in the respect that our subspace solvers are based on
the auxiliary bilinear forms (-,-)y instead of a(,-). Furthermore, we have w)’ = By U with Sy
that stem from the norm equivalence (5.4). Finally, we do not stop after one iteration step but
converge into the true sparse grid solution.

As already mentioned in Subsection 5.2.2, it is crucial that the operator P, is positive definite.
This is guaranteed for positive weights, but Theorem 5.7 suggests that even partially negative
weights may result in a positive definite operator. We characterize these w = (wlv )iez by the
following theorem.

Theorem 5.8. The operator P, = 1 wIYTIY is positive definite if and only if

dwy >0  Vjer. (5.61)
I>j

Proof. With Lemma 5.6, we get

DD IS DD DD DTLED B O D L1

ke kel 1<k kel 1<k leZ k>l
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and thus

a(Pouu) =Y (Yl )a(@uu) = 30 ( 3wk ) (0 u 1 u)y

leZ k>l leZ k>l

Now, if the scaling factors w| satisfy (5.61) and if u # 0, it follows directly that a(Py,u,u) > 0.
Otherwise, if the condition (5.61) is violated for a j € Z, pick a z; € Wj, z; # 0 and compute
ue W C Vg by

a(u,w;) = (25, w;)v Vw; e Wj.

Then TV u = dyjw;j and a(Poyu,u) = (Zkzj wl‘(/) (25, 25)v < 0, which concludes the proof. [J

With Theorem 5.8 we see that the positivity constraints (5.53) of our Linear Program from
Subsection 5.3 are too restrictive and can be dropped. This is because the requirement (5.61)
is already covered by (5.51). However, positive weights are an integral part of the derivation
using the subspace splitting theory. Nonetheless, note that the set of scaling factors (wlv NeT
proposed in (5.59) for wlzv = ﬂ;l,k € 7, would be a solution to the Linear Program from

Section 5.3 with A = 1 without the positivity constraints (5.53).

5.5 An orthogonal projection based preconditioner

In the previous section, we have learned that negative scaling factors can be used to effectively
implement W-splitting based subspace correction methods using V-spaces only, and still lead
to positive definite operators P,,. However, the corresponding scaling matrix in the generating
system representation is not positive definite and and cannot be symmetrized. In this section,
we present a preconditioner from [GH14b]| that follows a similar idea as in Section 5.4 but is
positive definite in the generating system representation as well. We do not rely on the theory
of subspace splittings anymore but give a self-contained linear algebra view on the topic.

We assume a norm equivalence (5.4) with norm equivalence constants Apin and Apax. Note
that for u = Zkez wyx € Vz C H with wy € Wi,k € Z, it immediately follows that

ullz =D BillwillF (5.62)
keT
with norm equivalence constants
; lull?
A= inf llla > Apin and A= sup a <A
T 0ueVs P pena BicllwllF - M 0kuevs Dkena Billwklli -

and the inequality xz := AL / )\ﬁin < K = Amax/Amin holds independently of Z. In the next
subsection, we propose a matrix Cz that can be applied cheaply to a vector and acts as a
preconditioner on the system

AIXI = bz (563)

from (4.22). Of course, CzA7 still has a non-trivial null space due to the redundancy of the
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generalized sparse grid generating system (4.21), but the generalized condition number satisfies
’%(CIAI) = Aﬁax/Aﬁin = KT, (564)

where AZ. /AL. are the norm equivalence constants from (5.62). Note that if T = F¢, this

min

also results in a full grid preconditioner Cy on Ay by
R(CriArq) = g(cfgsﬁgAJsfg) = m(sfgcfgs%AJ) :

and we can deduce that Cy := S aC ~4ST,. For general index sets Z, we do not achieve such
Fy o FEFe &

a non-redundant representation, but semi-convergent iterative methods [Kaa88, BP94, Gri94b|
are still applicable to the preconditioned system (5.63).

5.5.1 Construction

The norm equivalence (5.62) holds for orthogonal subspaces Wj,1 € Z. In order to make this
result available to our discretization, which is based on the subspaces V},1 € Z, we can use an
explicit orthogonalization operator.

Orthogonalization Operator
We now consider the whole multivariate sequence of subspaces V1,1 € Z, which we denote as
V= Wiez -

For © = (w)1ez, v = (0)1ez € ‘71, we define the scalar product

(@,0)g, = Y _(u,v)v -

leZ
Then, we define the operator F7 : ‘71 — ‘71 by
Fri = (Q"w)iez

where QYV is again the V-orthogonal projection into W). Note that we can rewrite (5.60) as
W _ (1) (1) (d) (d)
QR = (QVZ1 - QVllfl) Q- ® (QVzd - QVqu) ) (5.65)
)

where the Q%), p=1,...,d, denote the one-dimensional V(P)-projections into the spaces pr ,

see (4.3), for I € N and Q%) =0forl=—-1.
The operator F7 can be given in block-diagonal matrix form as Fz : RV *NZ with blocks

(FI)I,k € R™M*" and
QY for 1=k,
(Fo)hik = { ! (5.66)
0 else

for all 1, k € Z, where QYV € R™M*™ ig the matrix representation of the operator Q}/V restricted
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to the subspace V}. Considering (5.65), the matrices QYV can be expressed by

1 1 1) \— 1
Qw, :(Il(l,)ll - 11(1351_1(1\/[1(1)_1) II(I)ll—l,llMl(l)) Q... (5.67)
(d) d) (d) \—17(d (d
@ (I, - Iz(d,ldq(Mldq) Igdll,ldMld))
where Ml(p ), p=1,...,d,l € N, are the non-hierarchical isotropic mass matrices

(M) = (G4, S15) v -

In (5.67), besides the simple two-level restrictions and prolongations, d applications of one-
dimensional mass matrices and d applications of the inverse of one-dimensional mass matrices
are employed. In the practically relevant cases of V(®) = L2(©2) and polynomial splines, both
operations can be executed cheaply since only band matrices are involved here.

Note that the matrix F7 is block-diagonal but not symmetric since its blocks on the diagonal
are not symmetric. This is remarkable as the corresponding operator Fr : V7 — V7 is self-
adjoint. In fact, the non-symmetry is a property of the matrix representation only.

For our preconditioner, we also need to apply F% efficiently. To obtain a favorable represen-
tation of FL, we first consider the mapping

Z7 RN 5 U

that maps a block-structured vector x7 = (1;)iey,,1cz of the enlarged generating system to the
sequence of subspaces by

Ty ( . i) . 5.68
Tixz () 2o, er (5.68)

iex)
Note that Fr and Fz are linked by Fr = Z; ' Fr Z;.
Lemma 5.9. The adjoint Z7 : Vz — RMz of (5.68) is given by
Z% DU X7 with X7 = ((ula ¢l,i)V)i€x1,IEI fOT u= (ul)IEI .

Proof. For any v = (v))1e1 € Vs and x7 € RNz we have

(Zrxz,B)vy = > (Z xl,i(bl,i,’t)l)v =30 (v, i)y = (xz, Z50) 2

17 iex 1€7 icx;

Now, having Z7 and Z%, we are able to give a computationally efficient representation of F%

Lemma 5.10. It holds that
F% = GIFzGEI ,
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where G : RNTXNZ s q block-diagonal matriz with blocks (Gz)1x € R™*™ and

M, for 1=k,

0 else

(Goik = {

for all 1,k € T with the mass matrices M) = ®;l:1 Ml(f).

Proof. It holds that

(Z3Z1x1,Y4.0)e2 = (Zrxz, Zryz)vy = > aniléng, d13)ving = X7 Gryz
167 ijex

and thus Z7Z7 = Gz. Then, we can infer
(FI)T = (ZI_lFIZI)* = Z;—FI(Zz_l)* = GI(Zz)leIZIGfl = GIFIGEI .
O]

Note furthermore that the operator F7 is a projection, i.e. FrF7 = Fr. The same is true for
F7 since

F/Fr = (ZI)_IFIZI(ZI)_IFIZI = (ZI)_IFIFIZI = (ZI)_IFIZZ =F7.
Finally, we need the following Lemma.

Lemma 5.11. For a block-diagonal scaling matric Dz € RNTXNT yith blocks (D7)1k € R™M*™
for Lk € T and
aliy for 1=k,

0 else ,

(Dz)ix = {

the matriz Dz commutes with any other block-diagonal matrizc By € RNTXNZ e a block-
structured matriz with blocks (Bz)1x € R™*" for 1 k € T, where

By for 1=k,

0 else ,

Bk = {

and By € R™*"™ qre general matrices.

Proof. For ease of notation, we use Kronecker’s § in this short proof. It holds that

(DzBz)ix = Z (D)im(Bz)mx = Z 01,mC10m kBk = 01 ka1 Bk
meZl me7l
= o xBick = Z 01 mBmom kCm = Z (B2)1m(D7)mx = BzD1)1k ,
meZ meZ
and thus DIBI = BIDI . O

Obviously, Lemma 5.11 can be applied to, e.g., Bz = Fz or By = G1.
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Preconditioner

Now we present the projection based preconditioner for the operator matrix Az. To this end,
the most important ingredient is the norm equivalence (5.4) with weights (5))1ez.

Theorem 5.12. Let D7 € RN2XNT pe o diagonal block-structured scaling matriz with blocks
(DI)I,k € RM*™ gnd

pily for 1=k,

0 else

(Dz)hk = {

for alll,k € Z. Then, the generalized condition number of the symmetric matriz

1/2 —1/2

L:'FID; /“AD; /“FL; T (5.69)

is kg = XL,/ AL where XL and XL, are the norm equivalence constants of (5.62) and Lz

denotes the Cholesky factor of Gz, i.e. G = LZL%.

Proof. For any vector xz € im(Fz) C RV we have

x7  FEA7Frx; = x7lAzxz (5.70)
= a( DD wid > xl,i¢1,i>
17 iex 1€T iex)
2
~ Z 51“ Z T1iP1i La(@) (5.71)
leZ i€Ex
= ) Ailxz){ Ma(xz)
lez
= XITDIGIXI . (572)

In (5.70), we have used Fzrxz = x7 and in (5.71), we have applied the norm equivalence (5.62).
The levelwise summation of the mass matrix products was then expressed using the matrix Gz
in (5.72). In the following, we need the block-diagonal factor Lz of the Cholesky decomposition

Gz =L7LE .
W T 1/2 . 1/2 1/2 .
e set yz = L7 D7 "x7 and obtain with DzGz = D7/ "GzD7 ", see Lemma 5.11, the equation
XITDIGIXI = XITD%/2LIL%D1/2XI = yITyI .
Then, using the equivalence of (5.70) and (5.72), and x7 = D, 1/ 2LETyI, we obtain the relation

yr L7 D, PFEALF D, L Ty ~ yiTyr (5.73)
for all yz € im(LgD%/ 2FI) with the same constants for the upper and lower bounds as in (5.62).

With the commuting of the matrices Fz and D, Y ? see Lemma 5.11, the left-hand side of (5.73)
leads to (5.69).
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Finally, we have to show that no vz € RN with vz L yz affects the spectrum. From the
Fundamental Theorem of Linear Algebra, from F% = GIFIGfl, see Lemma 5.10, and from

F%’Dy2 = D%/QFg we know that

vz € ker(FIDY*Ly) =ker(DY*G;F;G;'Ly)
=ker(DY?G7F7L;TL; 'Ly) = ker(F7L;7) . (5.74)
We dropped the matrix D%/ 2GZ from the kernel in (5.74), as it is a full-rank matrix and thus

has no effect on the kernel. Obviously, if vz € ker(FILET), then vz belongs to the kernel of
the preconditioned system (5.69). This finally proves the theorem. O

As a result of Theorem 5.12, we can express our left preconditioner for Az as

Cr := D;'/*F/L;"L;'FID; '

=F;D;'G;'FL =D, 'F;G!. (5.75)
The representation (5.75) shows the close relation to the preconditioner with negative weights
from Section 5.4. The subspace-wise inversion of the mass matrices by G 1'is done in (5.40).
Furthermore, in (5.41), the results are scaled with the factors wlv ,1 € Z, that stem from the
combination formula (5.59). For the orthogonal projection based preconditioner (5.75), the
scaling is done by the simpler Dz, but the combination formula is implicitly contained in the
projection operator (5.67). In spite of the similarities, having explicit orthogonal projections
is useful since it leads to a symmetric preconditioned matrix (5.69), which cannot easily be
achieved using the subspace correction method (5.39) with partially negative w{’,1 € Z. A
second advantage is related to the fact that the unidirectional principle allows in certain cases
to exploit orthogonality between subspaces, which reduces the dimension-dependence of the
constant factor in the costs of the operator application [Feu05]. The same principle also works
for vectors x7 € im(F7) and the unidirectional principle presented in Subsection 4.3.2, but we
do not pursue this route further.

5.5.2 Relation to prewavelets

The enlarged generating system introduced some additional difficulties like a non-trivial kernel
of the operator matrix and the need for an orthogonalization operator Fz. This can be avoided
in the first place if a direct discretization of the orthogonal subspaces W) is available, which is
just the case for so-called prewavelets and for wavelets. For the sake of completeness, we describe
this case in order to show the close relation to the method presented in Subsection 5.5.1.

Let us first assume that we have basis functions (¢14)icg, 1ez With

Wi =span{yn;j:ic€ &} for leT, (5.76)

and 7y := #£. Note that we have V-orthogonality between different levels by definition, but
we have not necessarily V-orthogonality within one level. The sparse grid system (4.22) with
index set Z and N7 := ZleI 7y degrees of freedom reads

Azx7 =bz,
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where At € RV2XNz with
(A )(1 i),(kj) = a(@bll,wa) for i€&,jeé&,Lkel, (5.77)

and by € R with .
(bo)ii = (f,ri)v for ie&,lel.

Note that the system matrix Az is invertible, since the functions in (5.76) form a basis of Vz
in contrast to the generating system (4.21).

Given a norm equivalence (5.62), it is quite easy to precondition the operator matrix A7. To
this end, we need a diagonal scaling matrix Dz € RV2*Nz with blocks (Dz)l k € R™M* and

(D7) = (5.78)

— {5111’1 for 1=k y

0 else ,

where the 1171 € R™M*™ denote identity matrices on the subspaces. Furthermore, we need the
subspace-wise mass matrix Gz € RV2*NZ with blocks (Gz)1x € R™*™ where

_ M; for 1=k,
(G =4
0 else .

Here, M € R™*™ denotes the mass matrix

(My)ij = (Y, 93) for ijeg.
Then, we have the following theorem.
Theorem 5.13. The condition number of the matrix
D;'G;'Az (5.79)
is kg = ML /AL where \L . and XL . are the norm equivalence constants of (5.62).

Proof. We translate the norm equivalence (5.62) into the matrix-vector setting for block-
structured vectors Xz = ((Z1,1)ieg )iez € RN and obtain

XrArRr = a(d ) Tt D> Zth)

€T iefl 17 icg,
- 2,
~ () |sam,, 50
lez p=1 ieg
d
= (X 2)x v
lez p=1
= )_(%I_)IGI)_Cz.

This equivalence holds for all x7 € RNz, As both A7 and D7G7 are symmetric positive
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definite matrices, it can be easily shown that the upper and lower bounds of (5.80) are also the
maximum and minimum eigenvalues of G 1DE 1AI = D7 1GE 1AZ. ]

Note that prewavelets have been used frequently in the past as the basis functions of regular
sparse grid discretizations [GO95b, FeulO|, but mostly no special attention was paid to the
dependence of the condition number on the dimension. Let us consider the weak form of the
Laplacian a(-,-) = (V+, V), qay and (-, 1)y = (+,),(q4)- A simple Jacobi-diagonal scaling of
A7 is equivalent to replacing the subspace-wise inversion of the mass matrices GE Lin (5.79) by
the identity and the Dz from (5.78) by diag(Az). This seems reasonable since the resulting con-
dition numbers are still bounded independently of Z for Ly(Q29)-stable basis functions. However,
they seem to grow exponentially with the dimension, see [Feu05| for numerical results. This is
clearly not the case for the system (5.79). Theorem 5.13 has shown that the condition number
is the same as of the norm equivalence (5.62), which is level- and dimension-independent for
the Laplacian according to Theorem 5.1.

5.5.3 Implementation

So far, we obtained a preconditioner that realizes a generalized condition number that matches
the condition number k7 of (5.62). The question is now how high its computational costs
are. Remember that a perfect preconditioner would be the inverse of the operator matrix,
but that involves way too many computations and in our case Az is not even invertible. In
this subsection, we discuss the costs of the orthogonal projection based preconditioner from
Subsection 5.5.1 and the wavelet-based approach from Subsection 5.5.2.

Orthogonal projection based approach

With (5.69) we now have a preconditioner that involves only a number of floating point opera-
tions linear in the number of degrees of freedom N7 of the enlarged system and that results in a
condition number 7 bounded from above by  from the norm equivalence (5.4) independently
of Z.

We now give a short discussion of the required matrix-vector multiplications and their costs,
also with respect to the dimension d. As stated earlier, the orthogonal projection preconditioner
is closely related to the subspace correction approach, and in fact the runtime complexity is
the same. The application of the scaling matrix D7 Lis obviously possible with O(Nz) floating
point operations. The matrix GEl is block-diagonal and can be implemented with an algorithm

that works subspace by subspace. On every V1,1 € ffjl, the mass matrix M = ®z:1 Ml(:)

be inverted. As these matrices have Kronecker product structure, the inversion can be realized

by the application of (Ml(f ))*1 to the dimension p for p = 1,...,d, which was already noted in

must

Subsection 5.2.4. We assume the functions (¢1;)icy, to be of finite element type (h-version with
fixed polynomial degree) having local support. Consequently, the associated one-dimensional

matrices Mgf ) have band matrix structure with constant band size and are thus invertible with

linear costs'. As a result, we have a cost of O(d - n;) on each subspace and obtain a cost

!Non-local basis functions (p-version) are likely to result in a Toeplitz-type matrix, which can be inverted in
log-linear time.
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complexity of O(d- Nz) in total. The same argumentation holds for Fz, which has a somewhat
more complicated form, see (5.66) and (5.67), but also works subspace by subspace, where we
can again exploit a Kronecker product structure.

In total, we arrive at costs of O(d - Nz) for our preconditioner. As before, we assume that
the application of Az is possible using the unidirectional principle from Subsection 4.3.2 with a
computational complexity that is linear in the number of degrees of freedom. However, typically
the associated dimension-dependent constant in the costs is proportional to 2¢. This factor can
however be reduced to d? in special cases like the Laplacian by exploiting the Lo-orthogonality
between subspaces, see [Feu05| for a demonstration using prewavelets.

So far, we have expressed the computational effort with respect to the enlarged sparse grid
system with N7 degrees of freedom. In case of dyadically refined spline spaces, we get a factor of
about 2¢ more degrees of freedom than actually needed, see (5.3). We consider this acceptable,
because the number of degrees of freedom of regular sparse grids Nga is of the order 027 Ji=1,
which is exponential in d anyway. Moreover, the number of degrees of freedom of energy sparse
grids is of the order O(27) in .J, but which involves a constant that is also exponential in d,
cf. |Gri06]. Note that it is possible to remove the redundancy of our multilevel discretization
via the generating system (4.21) by using prewavelets. This seems to eliminate the 2%-factor
by construction, but this step introduces additional difficulties, among them the setup of the
discrete right-hand side F'(v) = (f,v)y for general functions f.

Prewavelet-approach

The system (5.79) gives us the preconditioner Cz := I_)E 1@% ! for the prewavelet operator ma-
trix Az. At first sight, this approach looks simpler and more efficient than the more complicated
discretizations Az using the enlarged generating system (4.21) and the associated precondi-
tioner Cz from (5.75) that needs an additional projection step. This can be explained by the
prewavelet system {i1; : i € {her forming a basis and therefore exhibiting no redundancies.
Thus, by a factor of about 2¢ less degrees of freedom are involved than for the corresponding
generating system.

However, there are additional difficulties to be faced in the prewavelet approach, which should
not be underestimated and may give the generating system method a practical advantage. First,
prewavelets are less local than, e.g. the corresponding multilevel spline basis. Thus, the mass
matrix inversions in GE ! become more involved. From a programming perspective, the more
complicated basis functions and different types of prewavelet functions near the boundary make
the application of the matrix Az to a vector more difficult. The efficient application of Az
onto a vector is even more involved, since the unidirectional principle strongly relies on the
nestedness of the subspaces. If this is no longer the case, the one-dimensional operators have to
be tailored to the specific discretization [Feu05| or the algorithm must switch to a generating
system anyway |Zeill].

Finally, the cost complexity of the setup of the right-hand side bz is increased, as this is
typically an integration task and the support of the prewavelets is larger by a factor exponen-
tially depending on the dimension than those of the corresponding splines. Alternatively, the
corresponding integrations are realized by the interpolation of the function f from (5.1) in our
prewavelet sparse grid space and a subsequent multiplication by the mass matrix to account for
the necessary numerical quadrature. As stated in [Feu05], for general functions f, this approach
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requires the inclusion of boundary functions in the interpolation step (even if the solution u
of our Poisson problem has homogeneous boundary conditions). Since the d-dimensional hy-
percube Q¢ has 2¢ faces, an additional factor of the order 2¢ enters the cost complexity for
the setup of the right-hand side. The dependence of the cost complexity on the dimension d
of other techniques for the assembly of the right-hand side for wavelets and prewavelets with
sufficient accuracy, e.g. by the solution of an eigenvector-moment problem associated with the
coefficients of the refinement equation [DM93], is unknown to us. We however believe that also
these methods involve a factor of at least 2% in the d-dimensional case due to the tensor product
construction, so it is not possible to avoid it altogether.

In summary, the generating system approach from (5.69) can be seen as a simple form of
implementation of the prewavelet approach and, indeed, both methods give exactly the same
(generalized) condition numbers.

5.6 OptiCom-approach

The OptiCom delivers the best possible scaling (including negative values) in each step of the
iteration and results in a convergence that is at least as good as any fixed choice of scaling
parameters, unfortunately at the extra cost of setting up and solving an auxiliary system of
linear equations in every iteration step. It is therefore not competitive if an explicit norm
equivalence (5.4) is known. Nevertheless, the OptiCom does not take the detour via the W-
splitting (5.36) and poses a lower bound on the convergence rate that we can achieve by opti-
mizing fixed a priori weights. So the OptiCom can be used to check whether the fixed scalings
obtained by other methods are close-to-optimal. In this section, we describe the general case, a
CG version, the OptiCom in the special setting of sparse grid discretizations, and the efficient
implementation, cf. [GHO15].

5.6.1 Definition

The OptiCom is a nonlinear iterative method which generalizes the steepest decent algorithm
mentioned before, and provides a safe lower bound for the best possible error reduction factor
p* from (5.33). The method was introduced in [JN99] and used in the context of subspace
correction methods for Le-data approximation with sparse grids in [Heg03|. It was later called
OptiCom [Gar06, HGCO07]. In the following, we essentially recall some general results and
observations from [JN99].

The update formula of OptiCom is the same as in (5.32), i.e

(m+1 + Zw m)Te (m) + Pw(m)e(m)y m = O; 17 cee (581>
el

(m

however, the parameter set w(™) = (w;

i ))1'6[ now depends on u(™): We obtain w"™ by solving
the quadratic minimization problem

llu — ul™ Zw Tem)||2 — H%H?)l (5.82)
i€l
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in each iteration step. The OptiCom iteration converges at least as fast as any stationary
additive Schwarz iteration, and thus provides a lower bound for the convergence rate of the
latter. The following theorem can also be found in [JN99|.

Theorem 5.14. The error e™ = u—u™ of the OptiCom iteration (5.81) with w™) from (5.82)
for the space splitting (5.19) decays in energy norm according to

e Ve < p" e oy, m =0,

where p* is the optimal error reduction factor (5.33) for additive Schwarz methods based on the
same space splitting.

Proof. As above, denote by &™) the solution of the minimization problem (5.82). Then

elm+l) — o(m) _ Yicr J)gm)Tie(m), and, for any fixed parameter set w, we have

eV = Jlu = = 3G Ty < el = 3w Tie™]l
el i€l
= ||(T = Po)e™lla < [IT = Pollalle"™ la -

It remains to take the infimum over all w € € to get the claimed bound for the error reduction
factor of the OptiCom iteration. O

5.6.2 CG version

We now point to the CG version of OptiCom. It could further reduce the dependence of
the convergence estimates on the condition of the additive Schwarz splitting from an average
reduction factor per step of (1—O((k*)™1)) to (1—O((x*)~1/?)). Suppose that we have, starting
from u(® = u(=Y = 0, already computed v, ..., u("™ and that w(™ = (wgm))ig and n(™
are to be determined as solutions of the slightly modified minimization problem

B (m) _ ) (g (m) _ (m=1)y12 ;
| — ul™ ZEZIUJ 'Tie (u u )||a—>w(713)1,1£1(m) . (5.83)
Then,
2D +Zw Tpe™) 4 () (3, (M) — 3y (m=1)y (5.84)
el

realizes a CG-OptiCom iteration step. As already mentioned in the context of (5.41) for fixed w,
solving the two-parameter (7™ and 7("™) minimization problem

. (m) _ Tie(m) — p(m) (q(m) _ , (m=1)y2 i 5.85
lu = ut™ — 7 ; e =M™ — )G~ min (5.85)

is equivalent to the usual PCG-iteration for solving (5.1) with a preconditioner derived from the
additive Schwarz operator P,, thus the name CG-OptiCom. By including the parameter set
w(™) into the minimization (5.83) we incorporate the scaling of the subproblems. This makes
the convergence analysis more difficult, since the preconditioner is no longer fixed but changes
from iteration to iteration.
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We now discuss the classical proof of conjugate gradients and why it does not work in the
stated case. Normally, the convergence speed of the CG method applied to a generic symmetric
positive definite matrix A is based on the fact, that the error €™ after m iteration steps is the
| - ||a-minimal element from the space e(®) + K(™) with

KM = span{r® Ar©® .. A™" 1)}
= span{Ale(O), A% . ,Ame(o)} , (5.86)

where e(®) denotes the initial error and r(® denotes the initial residual. Because of (5.86), we
can express Our error e,, by

en=I+>" a;AYe,

where the a4,i = 1,...,m, are chosen such that the resulting ||e(™)| 5 is minimal. In fact,
e(™ = Pm(A)ey, where P™ is a polynomial of degree m with coefficients 1, v, . .., ay,. With
the help of Chebyshev polynomials and the appropriate rescaling to (Amin(A), Amax(A)), we

get an estimate
k(A)—1
ERINSY Py yPCT
VEA)+1

This is a worst case estimate, and we can expect faster convergence when the eigenvalues
of A are not evenly distributed within the spectrum of A. Unfortunately, the whole argument
breaks down when A is scaled differently in every iteration step, e.g., by diagonal matrices
D® i =1,...,m, and we can no longer express the error ™ in terms of a polynomial PL
of A applied to the initial error e(®). This difficulty was discussed in a slightly different setting
in [KLO7|, and there it was shown that in the worst case, no faster convergence than steepest
descent is reached. This is consistent with the proof of Theorem 5.14 (just set n(™) = 0) that
the CG-OptiCom has at least the same error reduction factor per step as the OptiCom. In
[JN99] this and other CG versions of a variable preconditioner were presented, but no stronger
convergence estimates could be proven. We tried to prove the CG convergence speed by showing
that the error ™ for the CG-OptiCom would eventually come close to a CG method with
a fixed diagonal scaling, but all attempts were in vain. Another approach worth mentioning
is to take a different perspective at the CG method [KV13]. This view could be helpful if
it was possible to show that the necessary assumptions are met by the OptiCom-scaled search
directions. As this did not work out either, this problem can be clearly marked as open research.
However, the numerical experiments in Subsection 5.7.3 suggest a still significant speed-up by
using the CG-OptiCom (5.84) over the plain OptiCom, i.e. the update (5.81) with the parameter
set from (5.82).

5.6.3 Application to sparse grids

We gave a general description of how to find an optimal set of scaling parameters in every itera-
tion step by solving an auxiliary minimization problem. This description largely followed [JN99]
and was not confined to sparse grids. We now discuss aspects that are specific to the sparse
grid case. They are similar to those that arise in the context of subspace correction methods
for Lo-data approximation with sparse grids in the so-called OptiCom [Heg03, Gar06, HGCO07].
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The minimization problem (5.82) reads in the context of sparse grid discretizations as

|u — ul™ Zwlm TV e™ % - H%II% (5.87)
e

with w(™) = (wl(m))lez, and leads in every iteration step m to a new system

A ) — fm) (5.88)

of linear equations. Here, the system matrix A(m) ¢ R#IX#T i positive semi-definite with
(A = a(TY ™, 17V (™)
for 1,k € Z, and the right-hand side b(™ € R#Z is given by
(B™)Y) = a(e™, 1™y = F(T}Y ™) — a(u™, 1} ™)

for 1 € Z. Recall that the Tlve(m) € WN,1 € Z, are available from the subproblem solves. In
contrast to that, the CG version of OptiCom associated with the minimization problem (5.83)
would enlarge the system (5.88) by the unknown n™). This leads to one additional entry on
the right-hand side and one additional row and column of the system matrix, which we indicate
by the letter n. We have

(A(m))w7 = a(u™ m—l)ju(m) — a1y
(A(m))ml — a(TV (m m) —um Yy
(A(m))lm = a(u™ — MmN 7V elm)

for 1 € Z. In practice, we use a direct method to solve A (™) (w(m) plm)y = b(™_ In order to
avoid problems with possibly singular system matrices, we use a Tikhonov regularization with
a very small regularization parameter.

After the solution of (5.88), we can perform our update step (5.41) with w!" = wl(m) and

r(m) = 1,17(’~”) = 0 in the steepest descent case, or with (M) =1 and n(m) obtained from the
solution of A (w(™) (™) =b(™) in the CG-OptiCom case.

Note that the setup and solution of the auxiliary problem (5.87) or (5.88), respectively,
involves additional costs in every iteration step. If the number of scaling parameters in wm ig
moderate compared to the total number of degrees of freedom, then the extra work of solving
these linear problems can be tolerated. Of course, the extreme case would be the space splitting
into one-dimensional spaces (this is the case of frame decompositions), which results in an
“auxiliary” system (5.88) which is as large as the original problem. In the sparse grid case,
though, the number of subspaces #Z and the total number of degrees of freedom is well-
balanced, as we see in the cost discussion of the next subsection.
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5.6.4 Implementation

Compared to approaches with a priori fixed weights, the OptiCom is more intricate and addi-
tionally requires the setup and solution of (5.88). We now discuss the additional computational
cost associated with the use of OptiCom. It might be helpful to check Subsection 5.2.4 for the
used notation. First note that

(A= a(u, uf™) = (Rrix("™, ARz ) (589)
for all k,1 € Z and
(bm), = F(ul(m)) _ a(u(m)7u§m)) = <RI,1xfm), b> - <RI,1X1(m)7 Azu(m)>

= (Repx™,xm) (5.90)

for all 1 € Z. Thus, for setting up the matrix A™ we have to compute the matrix-vector
products AIRLkXI((m) for every k € Z. Note that RLle((m) is zero in any subspace 1 # k, and
in that case the computational complexity of the single space matrix-vector multiplication, see
Subsection 4.3.1, is linear in the number of degrees of freedom. We can also use the unidi-
rectional principle from Subsection 4.3.2 to compute AIRkal((m), but due to its complicated
recursive structure this choice turns out to be computationally more costly. As the next step,
the entries (A(m))lk are computed by the scalar product with Rlem) for all 1 € Z. As these
scalar products need only to be evaluated for coefficients that belong to the subspace V1, the
costs for all 1 € 7 together is O(Nz) operations. The same argument applies to the entries (5.90)
of the right hand side. Thus, we arrive at costs of O(N7) operations for every k € Z, and con-
sequently O(#Z - N7) operations in total for setting up the system (5.88). The same holds true
for the CG version. Note that parallelization is straightforwardly possible.

Solving the system (5.88) by a direct method needs O(#Z3) operations. The subsequent
update step (5.41) is again linear in Nz. So, the total costs of one OptiCom iteration are
O(#TI - Nz + #I3 + Nz) operations. Since for generalized sparse grid spaces #Z < Nz holds,
we can conclude that the total cost complexity of one iteration step is dominated by O(#Z- Nz).
This is by a factor of #7Z more expensive than the costs for the fixed a priori scalings.

We now become a little more specific and choose the regular sparse grid setting 7 = Sf]l (4.10)
for level J and dimension d. It is well-known that the dimension of a regular sparse grid space
grows as Ng4 = O(J47127) and #8% = ©(J9). This means that the cost for one OptiCom
iteration is O(J¢- J4=127) = O(J??127), which is log-linear in Nga, whereas the methods with
fixed a priori scalings are only linear in Nga.

Nevertheless, the availability of the single space matrix-vector multiplication and unidirec-
tional principle is a great advantage in our situation, and allows a significant reduction of the
computational complexity of one iteration step compared to previous applications of OptiCom
for sparse grids. This is due to the fact that we can represent Az as a sum of Kronecker-
product matrices. Otherwise, the a(-,-) products of u; and wuy with 1# k have to be computed
after the embedding of u; and uy into the much larger subspace Viax(1k) that contains both
functions. This is the case for elliptic problems with non-product coefficient functions or in
data mining [Gar06|, where the data-based energy norm normally does not permit to exploit
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tensor product structures. The resulting costs are rather quadratic instead of log-linear in the
number of degrees of freedom. Note that the single space matrix-vector multiplication reduces
the constant factor even further as it works without the complicated recursive structure of the
unidirectional principle, see the experiments in Subsection 5.7.4.

5.7 Numerical experiments

In this section, we demonstrate aspects of the described methods by a model problem. We
provide numerical experiments for the Laplace problem

—Au=f (5.91)

on the open unit cube Q¢ = (0,1)? with f € Ly(Q9), and zero boundary conditions on 9.
The weak formulation of (5.91) is a H{ (Q%)-elliptic variational problem of the form (5.1), where

1=

d
ou Ov
aw0) =3 (50 5e) ey T = (F )1 - (5.92)

For (5.92), a discretization with linear C%-splines (7 = 0, m = 1 in Theorem 5.5) is sufficient.

More precisely, for the pr ) in (4.3) we use linear spline spaces defined over dyadic partitions of

step-size 2~ U+ on [0, 1], with homogeneous boundary conditions at the boundary. Note here

(p)

that, in order to avoid trivial subspaces for [ = 0, the step-size associated with V;**7 is chosen

as 27+ and not as 27!, See Section 4.1 for further details.

5.7.1 Relation full grid and sparse grid condition numbers

Theorem 5.1 states that for our model problem (5.92), the following norm equivalence

d
a(u,u) = [ullfoa = D (Zz%i)uwkH%Q, we = QY u, keN (5.93)
keNd =1

holds for all function u € H3(Q%) with a condition number & that is independent of the dimen-
sion d. Thus, we employ the weights

d

Be=) 2% (5.94)

i=1

in the following experiments. Theorem 5.1 states furthermore that (5.93) holds for u € Vi
with a condition number Fi independent of d. As VS}z - V}—Sz, we can deduce that

Kgd < Kpd = Kpl . (5.95)

Equation (5.95) tells us two things: Using our orthogonal projection based preconditioner (5.69)
for a full grid multilevel discretization results in dimension-independent condition numbers and
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that the corresponding sparse grid system with the same dimension and level results in a
condition number & 54 that is smaller or equal than & Fd-

Both propositions become obvious in Table 5.1. It ShOWS the generalized condition numbers
of the preconditioned systems (5.69) for Z = fd and Z = Sg in the full and sparse grid
case, respectively, for different dimensions d and levels J. We clearly observe that the full
grid condition numbers are bounded from above by a constant independently of the level J.
Moreover, they are perfectly independent of the dimension as our theory suggests. The sparse
grid condition numbers are even smaller than the corresponding full grid ones for d > 1, which
is in accordance with our subset argument (5.95). In fact, we even observe decreasing condition
numbers Kgd with rising dimension d for a fixed level J. This effect is more obvious when

considering the splitting condition numbers /@22 in the lower part of Table 5.2. Note that they

J
coincide with the condition numbers Ksd of (5.93), and that the prewavelet approach from
Subsection 5.5.2 also results in exactly the same condition numbers.

Table 5.1: Degrees of freedom (DOF) N Fi and N 51 and generalized condition numbers & Fd and
Ksd of the preconditioned system (5.69) with a full and sparse grid discretization

approach, respectively, of the Laplacian on the unit hypercube with linear splines

DOF N Fi and N 51 condition numbers s 74 and kK 51
level J | full grid sparse grid full grid sparse grld
dim = 1 1 4 4 3.40 3.40
2 11 11 4.67 4.67
3 26 26 5.17 5.17
4 57 57 5.84 5.84
5 120 120 6.37 6.37
6 247 247 6.80 6.80
7 502 502 7.16 7.16
8 1013 1013 7.47 7.47
9 2036 2036 7.74 7.74
10 4083 4083 7.96 7.96
11 8178 8178 8.16 8.16
12 16369 16369 8.33 8.33
dim = 2 1 16 7 3.40 2.99
2 121 30 4.67 4.46
3 676 102 5.17 5.06
4 3249 303 5.84 5.65
5 14400 825 6.37 6.20
dim = 3 1 64 10 3.40 2.7
2 1331 58 4.67 4.28
3 17576 256 5.17 5.00
dim = 4 1 256 13 3.40 2.51
2 14641 95 4.67 4.12
dim = 5 1 1024 16 3.40 2.36
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5.7.2 Splitting condition numbers

Now we compare the condition numbers of the operators P,, associated with the linear iterative
methods for the regular sparse grid case Z = 8¢ (4.10) with different choices of parameter sets
w discussed above (OptiCom and CG are nonlinear methods, and left out in this comparison).
The results are shown in Table 5.2. We see that the LP-optimized scalings (5.50) lead to con-
dition numbers that are improved by a factor of up to 3 compared to the AdHoc scalings (5.54)
proposed in [GO94]|, which shows that weight optimization has a positive impact. However, for
both scalings, the condition numbers are of the order ©(J92), and we can clearly observe their
growth for increasing J in dimensions d > 3. Furthermore, we see that the W-splitting (5.36)
with the weights (5.94) leads to condition numbers that are bounded independently of J and d.
Moreover, they even decrease with rising dimension for sparse grids. This condition number is
realized by the partially negative scaling factors wlv that stem from the algebraic transforma-
tion (5.59) with w}) = 5;1, k € 8%, and also by the orthogonal projection preconditioner (5.69).

5.7.3 lteration counts

Now, we solve the test problem (5.91) with a random right-hand side f and a randomly ini-
tialized starting vector. We choose J = 10 and d = 4, and plot the reduction of the initial
residual in the Euclidean norm against the iteration count. Figure 5.1 shows the convergence
of the V-splitting based methods with AdHoc (5.54), LP-optimized (5.50) and algebraic (5.59)
scaling factors as well as for the OptiCom. Both the steepest descent approach and the CG
versions are considered. We observe that OptiCom is indeed always at least as good as any
linear method, but the graphs also show that the potential gain from further optimizing the
algebraic scaling factors is quite limited. Furthermore, the conjugate gradient approach works
for all four methods, and roughly halves the number of necessary iterations (as it should). Fur-
thermore, we see that the LP-optimized scalings are better than the AdHoc scalings, however,
both methods converge slowly. We investigate this effect further in the following experiment,
where we vary also J.

In Figure 5.2 we observe that the residual reduction needs more steps for higher values of
J. However, we observe that the residual reduction rate p of the algebraic scalings appears to
be bounded from above independently of J, whereas the convergence rate of the LP-optimized
scalings deteriorates quickly. This is in full agreement with our theory, recall that, according
to Theorem 5.5, the growth of the condition number of the underlying P,, is ©(J?) for LP-
optimized scalings in dimension d = 4.

One final experiment concerns the dimension-dependence of the proposed scalings. Figure 5.3
shows the residual reduction for J = 10 in the dimensions d = 1,...,4. The convergence rates
of the LP-optimized scalings deteriorate with dimension d > 3, whereas, as remarked earlier, the
condition numbers of the W-splitting and thus the convergence rates of the algebraic scaling
factors are bounded independently of the dimension. This is true for the specific, problem-
dependent weights (5.94) for our model problem (5.91), and generalizes to problems with a
similar sum of tensor products structure as the Laplacian. For other weights (such as the
standard weights Sy = 22kl for H Lproblems), the d-independence is lost.
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Table 5.2: Splitting condition numbers of the V-splittings with AdHoc- and LP-optimized scal-

ings and of the W-splitting for different dimensions d and levels J
V-splitting (5.38) condition number mgd with AdHoc scalings (5.54)
J

d\J 1 2 3 4 5 6 7 8 9 10
1 2.86  3.87 4.74 5.47 6.06 655 695 7.29 7.58 7.83
2 3.13  5.08 8.12 8.07 10.81 10.37 11.69 11.14
3 391 792 9.30 14.45 16.60 20.43
4 4.86 1233 18.84 26.53 38.05
5 5.85 1830 34.68 4797
6 6.80 26.38 59.33  94.59
7 7.86 36.92 97.03 175.93
8 8.87 50.16 153.26
9 9.88 66.23 234.01
10 10.88 85.28 345.58

V-splitting (5.38) condition number Iigg with LP-optimized scalings (5.50)

d\J 1 2 3 4 5 6 7 8 9 10
1 3.40 4.67 5.17 5.84 637 6.80 7.16 7.47 7.74 7.96
2 299 4.46 4.97 5.75 647 7.04 T.T7T 7.76
3 242  4.05 6.69 8.72 1231 14.62
4 2.78 5.68 9.47 16.18 23.17
5 3.43 7.85 1458  26.09
6 4.23 1092 22.61 41.28
7 5.08 15.02 34.36 67.90
8 5.97 20.15 51.11
9 6.89 26.27 73.92
10 7.81 33.38 103.76

W-splitting (5.36) condition number Hg% with weights (5.94)

d\J 1 2 3 4 ) 6 7 8 9 10
1 3.40 4.67 5.17 584 6.37 6.80 7.16 747 7.74 7.96
2 299 446 5.06 565 6.20 6.656 7.04 7.36
3 2.71 428 5.00 549 6.06 6.53
4 251 412 494 535 5.95
5 236 397 488 5.23
6 224 3.83 4.82 517
7 215 3.71 477 5.15
8 2.07 3.60 4.71
9 2.00 3.50 4.66

[
)

1.94 341 4.61
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Figure 5.1: Residual reduction with AdHoc scalings, LP-optimized scalings, algebraic scalings,
and for OptiCom with the steepest descent method (left) and the conjugate gradient
version (right) on J = 10 in dimension d = 4
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Figure 5.2: Residual reduction with LP-optimized scalings (left) and algebraic scalings (right)
in dimension d = 4 for different values of J
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Figure 5.3: Residual reduction with LP-optimized scalings (left) and algebraic scalings (right)
for J = 10 in dimensions d =1, ...,4

5.7.4 Impact of the single space matrix-vector multiplication

In this subsection, we carry out experiments to estimate the benefit from the single space
matrix-vector multiplication presented in Subsection 4.3.1. To this end, we start with the
Poisson problem, a random starting vector and a random right hand side, and consider the
time necessary to set up the OptiCom auxiliary system (5.88). The time necessary for the
direct solution of the system turned out to be negligible compared to the setup costs and is
therefore left out. Figure 5.4 shows the setup times for d = 3 and various levels J, and Figure 5.5
shows the same for d = 5. The number of degrees of freedom is included for reference in both
figures. Note that the time consumed and the number of degrees of freedom do not move in
perfect lockstep as the runtime curves initially exhibit a higher slope than the number of degrees
of freedom. This can be explained by the runtime estimate that contains the number of regular
sparse grid subspaces #831 as an additional factor, which makes the setup times log-linear with
respect to the number of degrees of freedom, see Subsection 5.6.4. We clearly observe that the
use of the single space matrix-vector multiplication results in a downwards vertical shift of the
runtime compared to the unidirectional principle for d = 3 and even more so for d = 5. This
is due to the fact that we avoid the 2¢ constant factor associated with the recursive structure
of the unidirectional principle. Table 5.3 shows that the speedup factor roughly doubles if
the dimension increases by 1, finally resulting in a very substantial saving in computational
complexity for high dimensions.
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in dimension d = 5. The number of degrees of freedom (DOF) is given for reference
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Table 5.3: Time needed for the setup of the OptiCom auxiliary system (5.88) using the unidi-
rectional principle (UniDir) and the single space matrix-vector multiplication (SMV)
for various dimensions and levels. The speedup factor is the ratio of both values

setup times (s) speedup

level J UniDir SMV factor

dim = 3 2 0.01 0.00 -
3 0.01 0.01 1.0

4 0.03 0.01 3.0

5 0.16 0.03 5.3

6 0.66 0.11 6.0

7 2.61 0.40 6.5

8 9.29 1.35 6.9

9 31.51 4.50 7.0

10 109.61 14.87 7.4

11 345.52 45.46 7.6

12 1092.40 140.11 7.8

dim = 4 2 0.01 0.00 -
3 0.08 0.01 8.0

4 0.58 0.06 9.7

5 3.49 0.38 9.2

6 19.10 1.89 10.1

7 94.30 8.32 11.3

8 419.95 35.20 11.9

9 1634.70 154.14 10.6

dim =5 2 0.05 0.00 -
3 0.60 0.04 15.0

4 6.03 0.41 14.7

5 49.00 3.03 16.2

6 339.31 19.86 17.1

7 1917.10 104.76 18.3

dim = 6 2 0.23 0.01 23.0
3 3.71 0.18 20.6

4 49.57 2.00 24.8

5 493.12 18.05 27.3

dim =7 2 0.98 0.03 32.7
3 20.32 0.48 42.3

4 305.11 7.35 41.5

dim = 8 2 3.58 0.06 59.7
3 89.73 1.38 65.0

dim =9 2 12.40 0.10 124.0
3 376.79 3.03 124.4

dim = 10 2 41.60 0.17 244.7
3 1420.88 6.58 215.9



6 Numerical experiments with the
Kou-model

In this chapter, we merge the methods we discussed so far and approximate the solution of a
ten-dimensional BKE. A problem like this is way beyond the means of classical tensor prod-
uct discretizations, and also a pure sparse grid approach may struggle due to 2¢ constants
in the runtime complexity of the operator application, see Subsection 4.3.2. However, the
ANOVA approximation technique is able to bridge the gap between ten dimensional problems
and moderate-dimensional problems sparse grids excel at.

We now give a more detailed account of the contents of this chapter: In Section 6.1, we
introduce a multivariate generalization of Kou’s jump-diffusion model [Kou02| with non-zero
diffusion, finite activity and a Lévy measure that can be written as a sum of tensor prod-
ucts. Then, the BKE (2.27) and (2.28) can be transformed into the partial integro-differential
equation (3.25). The constant coefficients’ and the Lévy measure that can be written as a
sum of tensor products? are necessary for the efficient matrix-vector multiplication algorithms
described in Section 4.3, but also the preconditioning and the straightforward computation of
marginal Lévy processes benefit from these assumptions. In Section 6.2, we introduce a recur-
rence formula for the Galerkin operator matrix based on the Kou model so that the application
remains linear in the number of degrees of freedom altogether, even though the matrix itself is
densely populated.

In the remaining sections we put our theoretical findings into practice. We explore the
capabilities of our sparse grid PIDE solver and try various combinations of domain truncation
parameters, preconditioners and model problems in Section 6.3. As our initial condition lacks
the smoothness typically required by sparse grids, we are limited in the number of dimensions
we can compute efficiently. That is where the ANOVA approximation technique comes into
play. In Section 6.4, we state our example model in ten dimensions and try various ANOVA
truncation schemes. We measure the approximation errors at different points of the solution
using a Monte Carlo approach, which is a slow but robust method in high dimensions. In
this way, we can identify promising parameter sets for our combined ANOVA-PIDE approach.
In Section 6.5, we investigate the balance of the ANOVA approximation error and the PIDE
discretization error with respect to the truncation dimension d; and the number of degrees
of freedom of the discretization. Then, we finally combine the ANOVA approximation and
our PIDE solver and obtain a full ANOVA-PIDE approach. In doing so, we can tackle our
ten-dimensional European option pricing problem based on the Kou model. We measure the
ANOVA approximation errors and PIDE discretization errors at 100 randomly selected points

'The matrix-vector multiplication algorithms can be generalized quite easily so that they work with coefficient
functions with product structure, but general coefficient functions require much more work [Ach03].

2For pure jump processes with infinite activity and more complex dependence structures like Lévy copulas,
see [Win09, RSW10].
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in order to assess the quality of our numerical solution. For the right choice of the truncation
dimension d; and the number of degrees of freedom of the discretization, we get a high level of
accuracy in the region of £ one standard deviation around our anchor point.

6.1 The model and problem setup

In this section, we describe the univariate Kou model and a multivariate generalization. We
also depict the payoff functions we use as initial condition.

6.1.1 One-dimensional Kou model

Kou’s jump-diffusion model [Kou02| assumes that the price of a security S fulfills the stochastic
differential equation (SDE)

N(¢)
gi(_t)) = pdt +odW(t) +d [ (2 -1) ], (6.1)
j=1

where ¢ denotes the time, S(t—) is the left-sided limit of S(¢), W (t) is a standard Brownian
motion, p and o are the usual constants for drift and volatility, N(t) is a Poisson process with
rate A and {Z;}en denotes a sequence of jumps. These jumps are assumed to be independent
and identically distributed with density

(1—p)av>—1 for v<1,

6.2
ppv— Pl for v>1, (6.2)

#p,0,8(V) = {

where p and 1 — p denote the probabilities of jumping upwards and downwards, respectively,
while o > 0 and § > 1 are parameters that control the jump sizes. Note that

p
E(Z;,)=(1- .
()= (=95 o5
The density of V; :=log(Z;),j € N, is then given by
(1 —p)ae*® for 2<0,
K z) = 6.3
ﬂva,,@( ) {pﬁe_ﬁz for 23>0, (6.3)

which belongs to the asymmetric double exponential distribution. We define &, o 0 (2) = (%),
which is the Dirac-delta in 0 and means no jumps occur at all. This is the natural limit for o, 5 —
oo and will be useful in the multi-dimensional generalization of the model in Subsection 6.1.2.
The expected value and variance are given by

p 1—p 1 1N? (p [ 1-p
E(yj)zg—Ta Vaf(yj)zp(1—0)<5+a> +<52+ a2>‘
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In this model all random variables W (t), N(t), Z;,j € N, are assumed to be independent. The
dynamics of S in the SDE (6.1) can then be given by

suyzsmymp<(u_;aﬁt+ﬂﬂqﬂ>-ffo

See Figure 6.1 for 10 simulated sample paths with the parameter set 7' = 0.5, S(0) = 100,
o =0.16, r = 5.0% and jump-term A = 1,p = 0.4, = 5, 5 = 10 from [Kou02].
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Figure 6.1: Ten sample paths of the univariate Kou-model with 7" = 0.5, S(0) = 100, o = 0.16,
r = 5% and jump-term A =1,p=04,a =5, = 10

6.1.2 Multi-dimensional case and dependence modelling

We now consider a d-dimensional price process S = (51, ..., Sq) with state space R?, where the
components S;,i = 1,...,d, of S follow the dynamics
1 R Ni(t) y
Si(t) = S;(0) exp ((uz - 203) t+ aiWi(t)) 11 11 Z](. A (6.4)

k=1 j=1
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where p; and o; denote drift and volatility constants, and for each of the R jump terms with
k =1,..., R, we have the Poisson process Nj with rate A\; and jumps Z](-k’z),j € N, for all
components ¢ = 1,...,d. This is a slight generalization of the model proposed in [GH13c|. For
a relatively recent publication on multivariate generalizations of univariate models, see [BB14].

Obviously, the diffusion part of the process logS is decorrelated across the dimensions. In
general, this assumption does not hold, but it can be achieved by the transformation discussed in
Chapter 2, where B is chosen such that the covariance matrix Q is diagonalized to 3 = BT QB.

The jumps Z](k’l), k=1,...,R,i=1,...,d,j € N/ in (6.4) are all independent and identically
distributed with density (6.2) with parameters py, ;, a i, B This, however, does not imply that
the processes S;(t),i = 1,...,d, are independent. Since the jumps Z;k’l) fori=1,...,d share
one Poisson process Ni(t), jumps occur at the same time in all components, even though the
jumps themselves are independent random variables. With these assumptions we can model
market moving events that affect all processes, but also events that affect only single processes
are possible. In the next subsection, we see that our R jump terms can be viewed as a low-rank
approximation to more complex Lévy measures.

In Figure 6.2, we depict two sample processes with parameters

100

T:O@rzam@&mz(wg

>,O‘1 = 09 =0.16

and three (R = 3) jump terms

1 M=4 p11=04 a11=15 B11=15 p12=04 ajp=15 B12=15
2 )\2 =4 pP2,1 = 0.5 Q21 = 00 62,1 =0 P22 = 0.4 Qg2 = 15 5272 =15 y
3 A3=4 p31 =04 az1=15 P31 =15 p32=05 azz=00 [32=00

™
I

where ap 1 = 2,1 = 00 and a32 = 32 = oo indicate that no jumps occur in component ¢ = 1
for k = 2 and component ¢ = 2 for k = 3, respectively. Figure 6.2 shows two sample paths and
their projections onto the time-independent (57, S2)-plane. We note that there are jumps that
affect both S; and So (jump term k = 1) as well as axis-aligned jumps (jump terms k € {2,3}).

6.1.3 Representation of the multi-dimensional process as Lévy process

We now describe our d-dimensional generalization (6.4) in terms of the exponential Lévy
model (2.17)
S(t) = (S1(0) exp(rt + X1(t)), ..., Sq(0) exp(rt + Xq4(t)) ,

where (X(t))g<ycoo 15 @ R%-valued Lévy process with characteristic triplet (Q, 8, ). Then, the
elements of covariance matrix Q € R?*? satisfy

_ s 2
45 = 0i50;

forall 4,5 =1,...,d, and the Lévy measure v has finite activity and can be expressed by

R d
V(dz) = Z Ak ® Kok ir0h.5,0k,i (Zi)dzi : (6'5)
k=1 =1
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Figure 6.2: The upper plot shows two two-dimensional sample paths of a jump-diffusion process.
The two lower plots show the projections of the processes on the (S, S2)-plane, i.e.,

without time dependence
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In (6.5), the k-th summand represents the jumps counted by the Poisson process N (t) with
rate \p, and the associated jump sizes Zj(k’l),j € N, in the components ¢ = 1,...,d are dis-
tributed with densities ,, ; o, ;.6 see (6.3).

Note here that the sum of products in (6.5) can also be viewed as a low rank approxima-
tion [BM02] to a general finite Lévy measure. To pursue this idea further it might be necessary
to enrich the discretization with other one-dimensional jump densities than the double expo-
nential density x, . g and to investigate the approximation error for R — oo. Still, the jump
model (6.5) we use is quite flexible3, while being computationally advantageous as we will see
in Section 6.2.

We adjust the drift @ such that the martingale condition (2.18) is fulfilled, which means

o2
0; = —- —/ e®l — 1 — zjv(dz)
2 Ra
2 &
— T [ =), (200
k=1
2 R
aj B.j Ok, j Pk,j 1—Pk'>
— _7] _ )\ . 5] _ . ) _ _ 77.7 )]
= k\Pejz——+ L —prj)—=—=—1 +
2 ; <p Y By — 1 (=s ’])ak,j +1 Brj kg
forj=1,...,d.
Now, we would like to compute the expected value and variance of X;(t),j =1,...,d. Due
to (2.4) with 7(z) = 1 we know that
ELX;(t)] = t0; ,

and using (2.6) we get
var(x,0) =t (4 + [ v(aa))
& 2 21— pr
—t <a§-+Z>\k (;2’“’_3 + ( af’“’]))) . (6.6)

In the previous subsection, we remarked that even though the jump sizes are all independent,
the stochastic processes X; (and thus the S;) are not, because jumps occur simultaneously
across all components. This is reflected very well in the characteristic function

E (HeX0) = 10l

which cannot be written as a product in &1, ..., &g, since ¥ from (2.2) with the jump measure v
from (6.5) does in general not decompose into a sum of one-dimensional functions over the
parameters &1, ..., &q.

3In general it is not true that a more complex model is better than a simpler one, since in practice we still
need to reliably estimate the parameters from real-world data, which gets more difficult the more parameters
there are.
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6.1.4 Payoff function

In this subsection, we discuss what kind of final condition h we focus on. A put option on a
basket or an index would typically result in a payoff function

d
h(S(T)) = max (K — Y Si(1), o) : (6.7)
=0

where K is referred to as the strike price. Now, we have used various transformations to arrive
at a benign PIDE with constant coefficients (3.25) and our final condition A results in an initial
condition

d d
gB(x) = h (exp(Bx)) = max | K — Zexp sz‘jffj 0], (6.8)
i=1 j=1

where the exp-function in exp(Bx) is applied component-wise and B = (bij)f-lj:l is an orthonor-
mal matrix used in (2.25). In our numerical experiments we start with a diagonal covariance
matrix Q straightaway, i.e., B = I, since the resulting payoff functions are sufficiently challeng-
ing to be representative for other payoffs. See Figure 6.3 for an illustration of payoff functions
of a standard put option and of a two-dimensional basket put option. Another reasoning for the
choice B = I is that our ten-dimensional model to be presented in Section 6.4 could be the result
of an even higher-dimensional model, whose covariance matrix has already been diagonalized
and truncated after ten dimensions.

At some point the practical relevance of our models has to be questioned using empirical
data. For that, we recommend Kou’s original paper [Kou02] and a recent publication [BB14]
on multivariate generalizations. In this thesis, we restrict ourselves to the pricing of European
options, which have no early-exercise features like American options. It is important to note that
our payoff function lacks the Hﬁlix—regularity necessary for achieving the optimal approximation
rate of 2 with sparse grids based on linear splines as discussed in Section 4.1. However, it is
well-known [Tho06| that the finite element solutions to parabolic problems can converge to full
order due to the smoothing effect of the solution/propagation operator even when the initial
data are nonsmooth, and thus sparse grids are a viable tool for option pricing, see also [Sch12].
Furthermore, in certain cases, the lower-dimensional terms of an ANOVA decomposition have
a higher level of smoothness than the original function [GKS13|, which works in our favor.

Depending on where we evaluate our solution V (7', s) the terms “in the money”, “at the money”
and “out of the money” are used. These terms refer to the “inner value” of an option, i.e., the
payoff we would get if the option would expire at the current state of the underlyings S(t) =

(S1(t),...,Sa(t)). In the money put options (6.7) have a positive inner value (2?21 S;(t) < K),
at the money options have a inner value which is close to zero or just zero (Z;l:l Si(t) = K),

and out of the money options have no inner value and are less likely to result in a non-zero

payoff than at the money options (Z?Zl S;j(t) > K). As the prices of out of the money options

tend to be small, it is harder to achieve a high relative accuracy than for in the money options.
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Figure 6.3: Payoff functions of one- (left) and two-dimensional (right) put options in log-
coordinates rescaled to [0,1] and [0, 1], respectively

6.2 Galerkin recurrence formula

In this section, we describe a Galerkin recurrence formula for the Kou model that can ultimately
be combined with the fast matrix-vector multiplication algorithms from Section 4.3. This yields
a sparse grid operator application with computational costs that are linear in the number of
degrees of freedom in a generalized sparse grid. We introduced this method in [GH13c|. At the
end of the section, we give a quick overview over alternative methods.

(1)

In Section 4.3, we have assumed that the matrices A 7Al(j)kd from
_AM (d)
Ak = All:kl ®-® Ald:kd

can be applied in linear time. This is possible for matrices that stem from differential operators,
as they are inherently sparse for nodal basis functions. However, integral operators do not have
this property and lead to densely populated matrices like (4.31).

There are multiple ways to deal with these matrices. In [GK09, Reil0] wavelet compression is
used, which basically means that entries close to zero are discarded. In case of the Kou model,
there also exists a recurrence formula that allows us to apply the integral operator for the
finite difference case in linear time, cf. [Toi08]. We now derive a similar result for the Galerkin
method.

Given the Lévy measure (6.5) we have to deal with operator matrices

A= [ ] et sz 1w (6.9)
for p = 1,...,d, where k,, 3 is an arbitrary Kou density function from (6.3) and (¢lp7i)?;”1

and (qbkpl):l:kfl’ are sets of linear spline basis functions on levels [, and k, with mesh-widths
by, = 2-=1 and hy, = 27k»=1  respectively. Due to the prolongations and restrictions (4.33)
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we only need to consider square matrices (6.9) with | = k. For the sake of brevity, we drop the p-
index in the following. Essentially, the necessary ingredient for our matrix-vector multiplication
algorithms presented in Section 4.3 is to compute

V:Alu,

where v = (v1,...,vy,) with

v; = / / w(x + 2)Kpap(2)dz ¢pi(z)de for i=1,...,n,
[0,1]

and the coefficient vector u = (uy,...,uy,) describes the function

ny
T) =Y ujdy()
j=1
For future considerations it is important to note that

qbu(x) = ¢l,z‘+1($ + hl) for i=1,...,m;—1. (6.10)

Note furthermore that
(A = /[ ]/¢>l,j(l“+Z)/‘6p,a,5(2)d2¢z,z’(w)d$
0,1] JR

= /[01]/Rqﬁl’j(z)/ip,a,ﬁ(z—:r)qﬁl’z-(a:)dzdx. (6.11)

Obviously, the matrix A; is dense but has Toeplitz structure: Applying (6.10) to both, ¢;; and
¢ in (6.11) gives (A)ij = (A)it1,j+1. This property of the matrix would allow us to execute
the matrix-vector multiplication in O(n;logn;) instead of O(n?) using the circular convolution
theorem.

A different approach that takes also the structure of , o g into account achieves even a linear
runtime complexity. To this end, let us assume that 7,7 € N with n; > 57 > ¢+ 2. Then we
know that the interior of the supports of ¢;; and ¢; ; is disjoint and that ¢;;(2) # 0, ¢1;(z) # 0
implies z > x. This allows us to obtain

(A)ij N /0 1]/ K“/’O‘/B Z—l’)qf)“( )dzdz
= /[0 . /R¢l’j(Z)pﬂe_ﬁ(z_m)¢l7i+1(l‘ + hy)dzdz

= [ [ as@mse G (w)dzds
hy hr‘rl] R
= 6_hl'8(Al)i+1,j~

A similar argument gives (A;);; = e M*¥(A;);—1; for 1 < j <4 —2. Now we can introduce the
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splitting
v =v; +v] +u;
with
1—2 i+1 ny
-
v =) (Aiguy, o) = > (A, vt =Y (A
j=1 j=i—1 j=it+2

vy = (Ap)iju; + (Ap)ii—2ui—o
J

Il
—

(i-1)—2
= M Y (Aisrguy+ (A)iio2uioo
j=1

= e Mo+ (AY)iioui o

fori=4,...,n; and

ng
vt o= ) (A)guy + (Aiauiss
j=i+3
ny
e N (ADirgu + (Ar)iirauite
j=(i+1)+2
= e MU+ (Ar)iirouise

fori=1,...,n;—3, all v;", v{ and v;” can be precalculated in linear time. Altogether, we can
compute the matrix-vector product v = Aju in O(n;) complexity even though the matrix A; is
dense. This approach also works with other basis functions than linear splines as long as they
are positioned on an equidistant grid and have finite support.

So far, we have described the application of the integro-operator of the Kou model to a
one-dimensional discretization on level [ only. This approach now easily carries over to the
multi-dimensional generating system case by the unidirectional principle with the dimension-
recursive form of the algorithm (4.43)-(4.46), which exploits a given tensor product structure
and requires only one-dimensional non-hierarchical applications of the Kou integral-operator
in (4.40) and (4.42). This altogether allows for the application of the operator matrices in the
discretized equation (3.19) in just linear time with respect to the number of degrees of freedom.
This recurrence formula can also be employed in the context of the single space matrix-vector
multiplication algorithm in (4.36), which is helpful for the OptiCom preconditioner.

Up to here, we have made lots of assumptions until we arrived at the Galerkin recurrence
formula for the Kou model. At this point, we want to refer the reader to alternative matrix-
vector multiplication methods if these requirements are not met. See Table 6.1 for a rough
guidance, where we assume a discretization based on a regular sparse grid on level J in d
dimensions with O(27.J971) degrees of freedom.
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Table 6.1: Overview over matrix—vector multiplication approaches

Assumption Method Complexity
Multivariate Kou | Use the unidirectional principle from Subsec- | O(27.J91)
model and sum of ten- | tion 4.3.2 and the recurrence formula from Sub-
sor product operators | section 6.2. The resulting computational com-
plexity is linear in the number of degrees of free-
dom but the recursive structure of the unidirec-
tional principle leads to a dimension-dependent
constant of at least 2¢, which limits its use in
high-dimensions. In certain instances, there are
remedies [Feu05]
Sum of tensor prod- | Use the unidirectional principle from Subsec- | O(27.J%)

uct operators with a
non-Kou integral ker-
nel (4.27)

No tensor product op-
erators

Any operator, small J
and high d

tion 4.3.2 and employ the circular convolution
theorem for the one-dimensional integral con-
volutions. This is straightforward and easy to
implement, and the extra work only leads to
an additional factor J in the runtime complex-
ity. It may be worthwhile to check whether
the constraint of having sums of tensor products
can be dropped using a generalized sparse grid

FFT [GH14a]

Wavelet compression [GK09, Reil0]. Mathemat-
ically and computationally challenging and leads
to a log-linear amount of non-zero entries of the
system matrix with respect to the number of de-
grees of freedom

Naive approach using the full matrix. This
results in a computational complexity that is
quadratic in the number of degrees of freedom,
but there is no additional factor of 2¢ involved

O(2JJ2(d—1))

0(22JJ2(d—1))
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6.3 Experiments with the PIDE solver

In this section, we perform several experiments with our PIDE solver. That means we combine
the time and space discretization from Chapter 3, the sparse grid technique from Chapter 4,
the preconditioning from Chapter 5, and the Galerkin recurrence formula from Section 6.2. We
assume a low number of space dimensions, e.g., d = 1,2,3. Experiments with our PIDE solver
for d = 4 will be presented in Section 6.5.

6.3.1 Toivanen option

In this subsection, we price an option with the parameters given in [Toi08]. Namely, we price a
European put option with 0 = 0.2, »r = 0.0%, T'= 0.2, S(0) = 1, K = 1 and jump term A = 1,
p=0.5, a =2, 8 =3. We compute the reference value 0.04264848 by a Monte Carlo simulation
with 2.0 x 10'° samples, which coincides with the price given in [Toi08] up to a relative error
of ~ 107°. We do not expect any convergence of the discretization error below this accuracy,
but we also need to consider other sources of error: The time discretization and the localization
of the domain.

Our first set of experiments studies the effect of the domain truncation. In Section 3.3, we
advocate to use a domain (3.9) that is adapted to the standard deviations of the components
of X. For several choices of the parameter ¢ in (3.10) and (3.11) we measure the pointwise error
at the money with respect to the discretization level. We use an implicit time discretization
with M = 2048 steps and the orthogonal projection based preconditioner from Section 5.5.
See Figure 6.4 for the resulting relative errors. It turns out that the localization error appears
later and later the larger the domain is, but choosing a larger domain results in the need for
a higher amount of degrees of freedom to achieve the same error. This shows that the domain
should be large enough to reach a certain target accuracy but not larger than necessary. Note
that here and in the following we refer to the domain immediately after localization but before
transformation with (3.12) to the d-dimensional unit cube Q¢.

6.3.2 Two-dimensional put option

In this subsection, we price a two-dimensional European put option based on our multivariate
Kou model, and we examine the convergence rates for different kinds of errors.

Square domain at the money
The parameters we use in the first experiment are
T=02K=20,7=0.0%,01 =092 =0.2
with one (R = 1) jump term
[k =1 : M=03 p1=05 a110=8 B11=8 pi2=0>5 ajp=8 [fip= 8] .

We use a regular sparse grid in space and an implicit time discretization with M = 128 steps.
Next to the pointwise error at the money for S(0) = (1.0,1.0), we measure the Ly error of the
initial condition and the Lo error of the solution at 7 = T'. To this end, we use a tensorized
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Figure 6.4: The relative pricing error versus the degrees of freedom for different domain sizes
for our one-dimensional option

rectangle rule and 100000 function evaluations. In order to exclude the influence of the domain
size in log-space, we here compute the L errors after transformation onto the unit square (2
and also on the subset (0.2,0.8)2 C Q2. The reference function for the initial condition is
available analytically, and we use a finely resolved numerical solution on a full grid as reference
solution. We obtain a reference value of 0.0540281 for the option price at the money using
2.0 x 10'° Monte Carlo samples.

In Figure 6.5 we see the L2(0?) approximation error of the initial condition, the L (2?) error
of the solution u(T,x) and the relative error of the option price V(0,s) with s = (1.0,1.0),
which is directly at the money. As our discretization spaces do not include boundary functions
but our payoff function is non-zero on the boundary, we get only a meager rate of convergence
for the initial condition. When we look at the Ly error not on (0,1)% but on (0.2,0.8)%, it
improves a bit, but due to the non-differentiability at the kink of the payoff function, we do
not achieve the full sparse grid convergence rate. Luckily, this is not necessary to obtain an
accurate solution, since the error gets damped away by our implicit method. Evaluating the
Lo error at 7 =T shows a convergence that comes close to the rate of 2, which is optimal and
better than the rate of 1 we would expect for full grids in two dimensions. The relative error
of the evaluation at the money decays fast and a bit erratically, but as we do not have much
theory for single point evaluations this comes as no surprise.

Adapted domain at the money

In Section 3.3 we proposed to use a domain (3.9) that is adapted to the standard deviations
of the components of X(T") = (X1(T),...,X4(T)) by (3.10) and (3.11). In order to have some
empirical evidence that this choice is a good idea, we change the parameters from the previous
subsection to

T=02K=2.0,7r=0.0%,01 =0.2,09 = 0.05
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Figure 6.5: Two-dimensional option error convergence. The left plot shows the poor approxi-
mation of the initial condition. The right plot shows that we reach a reasonable
error convergence at 7 = T both in terms of the Lo error approximation and the
relative pricing error evaluated at the money.

with one (R = 1) jump term
[k‘ =1 : )\1 =03 P11 = 0.5 al1 = 8 ﬁl,l =38 P12 = 0.5 Q12 = 32 ﬁLQ = 32] s

so that o(X2(T)) is a fourth of o(X;(T")). We now run two sets of experiments: In one of them
the difference of the standard deviations of the first and second component of X is reflected
in the domain size according to (3.10) and (3.11), in the other one we simply choose a square
domain. In both cases we use ¢ = 14. Figure 6.6 shows the convergence of the approximation
error of the initial condition. We observe that the adapted domain has a smaller Ly error but
exhibits the same convergence rate as the square domain. Note again that the Lo errors are
computed after transformation to the unit square, so the domain size does not directly affect
the error. Figure 6.7 shows the pointwise error at s = (1.0,1.0). Overall, we can conclude
that the payoff function is easier to approximate on the adapted domain, while providing more
accurate prices.

Adapted domain in the money

Now we want to evaluate our solution not on the kink but in a smooth region of the payoff
function (6.8). To that end, we repeat the last experiment, but price an in the money option
with s = (0.5,0.5). As our localization is centered around our point of evaluation according
to (3.10) and (3.11), the kink does no longer go straight through our domain of computation.
See Figure 6.8 for the error convergence in that case. Even for the initial condition, we can
observe approximation rates around 2 in the inner part of the domain (0.2,0.8)2. Also the error
of the single point evaluation at s = (0.5,0.5) converges fast. However, the convergence stops
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Figure 6.6: The left plot shows the Lo ((0,1)?) (“full”) and L2((0.2,0.8)?) (“inner”) approximation
errors of the initial condition for a domain adapted to the standard deviations of
X1 and X5 (“adapted”) and a square domain (“square”). The right plot shows the
same for the solution at 7 =T
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Figure 6.7: This plot shows the relative pointwise error at s = (1.0,1.0) for a square domain
and one which is adapted to the standard deviations of the components X; and Xo
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at around ~ 107, which is either due to the time discretization or the localization error. If
we require a higher accuracy, we would have to choose a larger domain and to fully resolve the
kink, which would again reduce the rate of convergence due to the non-differentiability. We can
conclude that payoff functions like (6.8) are not optimal for sparse grid methods, but they are
practically relevant so we stick to this example.

initial condition at 7 =0 solution at 7 =T
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Figure 6.8: The left plot shows the L2((0,1)?) and L2((0.2,0.8)%) approximation errors of the
initial condition. The right plot shows the same errors for the solution at 7 = T,
and also the pointwise error at s = (0.5,0.5)

6.3.3 Preconditioning experiments

In this subsection we present experiments with the preconditioners discussed in Chapter 5.

Two-dimensional example

We consider the two-dimensional option from the previous subsection and choose a sparse grid
with index set Z = 882 for discretization, i.e., a sparse grid with level J = 8 and dimension
d = 2. For the purpose of this experiment we use only one time step, i.e., M = 1. Figure 6.9
shows the convergence of the residual for a preconditioner based on the algebraic scaling pa-
rameters discussed in Section 5.4 and the non-linear preconditioner based on the OptiCom from
Section 5.6. We can see quite clearly that the OptiCom performs slightly better than the al-
gebraic scaling parameters, but we have to keep in mind that the OptiCom is computationally
more expensive. The CG versions of both methods seem to converge equally fast, which means
the OptiCom method benefits less from the CG approach than the algebraic weights. This is
consistent with the fact that the orthogonality of search directions breaks down in a CG method
if the preconditioner changes from iteration step to iteration step. This problem has already
been discussed in Subsection 5.6.2.
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Figure 6.9: These plots show the convergence of the residual for the steepest descent (left)
and conjugate gradient (right) method with algebraic scaling parameters and the
non-linear OptiCom in our two-dimensional example problem

In Figure 6.10 we can see that there is a maximum of 8 subspaces in each dimension. This
figure depicts the scaling parameters wlv ,1€ 82. As implied by the formula (5.59) all maximal
subspaces that are not contained in other spaces have positive scaling weights. Figure 6.11
shows the OptiCom scaling parameters in the first eight iteration steps. They appear a bit
erratic, but the rule of positive scaling parameters on the outer diagonal still holds.

1073
87 T T T Yﬁ
O
6l mm . 5
. HE
~ 4P EEDRE .
EEEEEN 0
2B EEETEE
HE
| | [ | _5
2 4 6 8
I

Figure 6.10: Visualization of the sparse grid index set S8, where the algebraic scaling parameters
wlv ,1e 582, are color-coded. The parameters that exceed the range of the colorbar
are clipped to the nearest value
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Three-dimensional example

Now we present a three-dimensional example. The parameters are
T =0.5K =3.0,7r =0.0%,01 = 0.354372, 09 = 0.194484, 03 = 0.106735
and we have two (R = 2) jump-terms with

(k=1 : A =0.750798 pi; =0.290905 a1 = 5.662934 B, = 3.842384
pra =0.510828 ay9 = 12.910091 B9 = 7.272062
p13=0.892947 ay3 = 19.776693 B3 = 15.927953

k=2 : A =0908148 p;; =0.902834 ay; =3.158346 (i = 6.030037
pra = 0845751 ay9 = 30.392669 B = 9.085672
p13=0.377994 a3 = 17.501376 B3 = 18.491728

The parameters have been randomly generated and belong to an ANOVA subspace of the ten-
dimensional example we deal with in Section 6.4. As opposed to the two-dimensional example
the resulting bilinear form a(+,-) is no longer symmetric, but the OptiCom still works. Instead
of the energy based formulation (5.87) we can regard Pw(mw(m) = D leT wl(m)TlVe(m) as the
Galerkin projection of the error e(™ in iteration step m onto the space span{Tlve(m) :1e 7},
ie.,

a(Pw(m)e(m),ﬂVe(m)) = a(u—u™, TV e™) = F(TYV ™) — a(u™, T} ™) V1ieT.

We now choose the sparse grid index set S§ for the discretization of our three-dimensional
space. In Figure 6.12, we see that the convergence of the residual starts off faster for the
OptiCom than for the fixed weights, but both methods achieve roughly the same error reduction
rate. This holds both for the steepest descent as well as for CG method. In Figure 6.13 we
see, similarly to the two-dimensional case, that the scaling parameters are positive on the
outer surface but partly negative beneath. In Figure 6.14, the scaling parameters found by the
OptiCom method are depicted. They change from iteration step to iteration step, but appear
slightly less erratic than the OptiCom scaling parameters in two-dimensions, see Figure 6.11.

In its current form, the sparse grid PIDE solver can tackle even four or five dimensional
problems, but it has characteristics that inhibit its use in high dimensions. First, there is a
2¢ constant in the runtime complexity of the operator application, see Subsection 4.3.2. Sec-
ondly, there is a another 2¢ constant that stems from the redundancy of the generating system
with respect to a basis, see (5.3). Thirdly, the payoff function (6.7) lacks the H2. regular-
ity typically required by sparse grids, which makes the approximation of the initial condition
difficult. However, we can bridge the gap to ten-dimensional problems by the ANOVA approx-
imation method discussed in Chapter 2. In the next section, we introduce a ten-dimensional
model and compute ANOVA approximation errors using a simple Monte Carlo technique. A
full ANOVA-PIDE approach will follow in Section 6.5
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Figure 6.12: These plots show the convergence of the residual for the steepest descent (left)
and conjugate gradient (right) method with algebraic scaling parameters and the
non-linear OptiCom in our three-dimensional example problem

Figure 6.13: Visualization of the sparse grid index set Sg, where the algebraic scaling parameters
wIV e Sg , are color-coded. The parameters that exceed the range of the colorbar
are clipped to the nearest value



6.3 Experiments with the PIDE solver 129

stepm =1

Figure 6.14: Color-coded OptiCom scaling parameters for our three-dimensional example in the
iteration steps m = 1,...,8. The parameters that exceed the range of the colorbar
are clipped to the nearest value
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6.4 The ANOVA approximation for a ten-dimensional Kou model

In this section, we investigate the ANOVA approximation errors for a ten-dimensional jump-
diffusion model and a Brownian motion model. We mainly consider models with the standard
deviations

(o(X1(t)),...,0(X10(t))) = VE(0.501158,0.275041, 0.150946, 0.082841, 0.045464,  (6.12)
0.024951, 0.013694, 0.007515, 0.004124, 0.002264) ,

which decay exponentially with the dimension. In the following, we assume a multivariate jump-
diffusion process X, where, according to (6.6), half of the variance implied by (6.12) stems from
a diffusion process and the other half from two randomly chosen Kou jump-terms. In the end,
we use the parameters

T=0.5K=10.0,r=0.0%,

the diffusion coefficients

(01,...,010) = (0.354372,0.194484, 0.106735, 0.058577, 0.032148,
0.017643,0.009683, 0.005314, 0.002916, 0.001601)

and two (R = 2) jump terms with

(k=1 : X\ =0.750798 p1; =0.290905 o, = 5.662934 Bi,1 = 3.842384
p12=0.510828 a2 = 12.910091 B1,2 = 7.272062
p13=0.892947 a3 = 19.776693 B13 = 15.927953
p14=0.896293 a4 = 23.249837 B1,4 = 30.704574
p15=0.125585 a1 =50.429905  [i5 = 644.231495
p1e = 0207243 1= 142561945 316 = 56.620768
p17=0.051467 17 =176.407227 17 = 263.993395
p1s = 0.440810 a5 = 262.073528  fB1 5 = 591.184436
p1o = 0.029876  «y9 = 586.033377 (19 = 2017.337902
p110 = 0.456833 19 = 1098.127950 B1,19 = 1065.247317

k=2 : X =0.908148 py; =0.902834  ap; = 3.158346 f2,1 = 6.030037
p22 = 0.845751  as9 = 30.392669 Ba,2 = 9.085672
p23=0.377994  ag3 = 17.501376 B23 = 18.491728
poa=0.092217  as4 = 38.886723 B2,4 = 16.366405
p2s =0.653411 a9 = 52.861348 2,5 = 63.810803
poe = 0557841  agg = 78.090436 B2 = 205.701005
p27 = 0.361565 o7 = 164.325048  fo7 = 408.536213
p2s = 0.225055  ags = 335.090239  fBos = 507.977158
p2.o = 0.406520 g9 = 553.133908  Ba9 = 1006.039385
P2,10 = 0.468940 Q210 = 901.915910 ,82,10 = 2992.378924_

Note that the three-dimensional example discussed in Subsection 6.3.3 is the {1, 2, 3}-marginal
of this ten-dimensional model.

We focus on the ANOVA approximation method described in Subsection 2.3.3. That means
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we approximate
u(t,x) = E[g(X(7) + x)]
by
us(rx) =3 (D0 ()P HIEQY g)(Xa(r) +x0)] (6.13)

neG meG,mdDn

where QY g either denotes

e the anchor ANOVA (see Example 2.15)
[Qx 9)(Xa(7) + x0) = g(log agyy + Xu(7) + Xn) (6.14)

at anchor point a = (1.0,...,1.0), i.e., pu; =g, and 7, = 1 for i =1,...,d,

e or the weighted ANOVA (see Example 2.16)

QY g)(Xa(r) + x2) = / 9(zon + Xa(r) + Xa)ipa(dzpy)  (6.15)
RD\m

with v, = 1 for ¢ = 1,...,d and Gaussian measures ;. In our experiments, we choose the
Gaussian measures such that their first two moments match those of the respective X;(T).
The idea behind that is that ng @ pp\m in (2.80) is supposed to be a close approximation
to 17% .

In the following, we perform several experiments in order to gain some insight into the anchor
ANOVA (6.14). To this end, we need to evaluate how large the resulting approximation error
is at 7 = T. For the sake of brevity we drop the index 7 from now on and define

ed (%) = [u(x) — us(x)| - (6.16)

As v and ug in (6.16) are not known exactly, we have to resort to a numerical method to compute
eé(x). In this section, we use the robust albeit slow Monte Carlo simulation technique. We
will employ a full ANOVA-PIDE approach in Section 6.5. Let us denote the Monte Carlo
approximations of u(x) and ug(x) with N sample runs by u”(x) and uZ(x), respectively.
In order to compute ug (x), we rely on the description of the ANOVA decomposition as an
alteration of our integration measure as in (2.80), i.e.

E[(Qng)(xm + Xu(T))] = /R 90tm + Ym0 Z9\m) (1 @ fio\m) (A (Ym 0 Zo\m)) - (6.17)

So instead of computing first the projection Qn‘{ g and then the convolution with the marginal
measure 1k, we interpret the expression E[[QY g](xm + Xw(T))] from (6.17) as the convolution
of g with the measure 7n ® g\ evaluated at xm. This seems to be a small change, but makes
simulation a lot easier. See Algorithm 6 for the pseudocode of this method. Now, the triangle
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Algorithm 6 ANOVA Monte Carlo-algorithm
Input: initial condition g, position x,
measures pp and 7o,
number of simulations NV,
ANOVA index set &
Output: approximations 7y = E[[QY% g](Xm + Xu(T))] for all m € S

(Tm)mes < 0 > Initialize return vector
foralln=1,...,N do
draw y ~ 77% > Sample from the Lévy process measure
draw z ~ o > Sample from the ANOVA measure
for all m € & do
Tm < Tm + 9(Xm + Y © Zp\m) > Evaluate initial condition
end for
end for
for all m € G do
Tm < Tm/IN > Divide by the number of simulations
end for

inequality tells us that

Eflu® (x) — 4§ (x)|] < E [Ju™ (x) — u(x)] + [u(x) — us ()| + |us (x) — ug (x)|] (6.18)

o (WM (x)) + o (u (%)) N

< Ju(x) —us(x)| + 3 eg(x)

B VN

where o(u” (x)) and o(ud (x)) denote the standard deviations of the Monte Carlo samples. So
plotting the quantity

e (%) = [u” (x) — ug (x)]

for growing N will eventually reveal the ANOVA approximation error at point x with a con-
vergence rate of, on average, %

Since Monte Carlo simulations are able to evaluate eg n only at predetermined points, we
content ourselves with measuring the error at the money

s** = (1.0,...,1.0),
out of the money

s = g 1 (o(X1(T)),...,0(Xq(T)))
= (1.354372,1.194484, 1.106735, 1.058577, 1.032148,
1.017643,1.009683, 1.005314, 1.002916, 1.001601)
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and in the money

s = s% — (a(X1(T)),...,0(Xq(T)))
= (0.645628, 0.805516, 0.893265, 0.941423, 0.967852,
0.982357,0.990317, 0.994686, 0.997084, 0.998399) .

Note that the transformation to the corresponding log-space coordinates x®', x°" and x™™ is

performed according to Subsection 3.6. Here and in the following, we only consider absolute
errors. This makes error analysis much easier but we have to bear in mind that the same
absolute accuracy is better in relative terms for in the money options with a high inner value
than for relatively cheap out of the money options. In fact, we estimate the prices of our at,
out, and in the money options using 1.0 x 10° Monte Carlo simulations at 0.1697311, 0.0187102
and 0.5817215, respectively.

In Figure 6.15, the quantity e‘é’ ~ (%) is depicted for our ten-dimensional jump-diffusion model
evaluated at the money, i.e., x = x®, and different numbers of samples N. The error bars
indicate one empirical standard deviation of this stochastic quantity. We see that the error bars
decline for higher values of N, and we end up with a rather accurate estimate of eé(xat) =
() — e ().

6.4.1 Comparison for models with different decay rates

Figure 6.15 shows the estimation of the ANOVA error e (x™) = |u(x*) — ug(x2')| for our
jump-diffusion model. We repeat this procedure for superposition dimensions ds = 0,1,2 and
truncation dimensions dy = 1,2,...,9 — d, with N = 1.0 x 10 samples and plot the estimated
error eg(xat). See Figure 6.16 for a comparison of the jump-diffusion model presented at the
beginning of this section with a Brownian motion model with standard deviations (6.12). What
we see is a smooth error convergence for the Brownian motion: The error appears to decrease
exponentially with the truncation dimension d¢, and the slope of the curve, i.e., the exponential
rate, is higher the higher the superposition dimension is. The jump-diffusion model, however,
leads to more erratic results, but in principle increasing ds and d; improves the approximation.

Our choice of standard deviations (6.12) is somewhat arbitrary. It mainly depends on what
kind of decay we can expect after diagonalizing our initial covariance matrix Q. In Figure 6.17
we did the same computation for a process that has no decay at all with

o; = 0189581  Vi=1,...,10 (6.19)
and a stronger decay than in (6.12) with

(01,...,010) = (0.557467,0.205081, 0.075445, 0.027755, 0.010210, (6.20)
0.003756, 0.001382, 0.000508, 0.000187, 0.000069) .

Note that both sets of standard deviations (6.19) and (6.20) result in processes whose sum of
variances Z?:l var(X;(1)) match those of our jump-diffusion example (6.12). This ensures a
basic level of comparability. We see that the ANOVA approximation error declines faster when
higher dimensions are less important. This is an important observation, as we typically observe
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Figure 6.16: The jump-diffusion model and its estimated ANOVA approximation errors for dif-
ferent superposition dimensions dgs and truncation dimensions d; compared to a
similar model only based on the Brownian motion. Note that some of the error
bars are small or too close to zero to be displayed

a decay in the importance of the dimensions after the covariance matrix has been diagonalized,
see (2.25). As has been been noted in [RW13|, a payoff function g which counteracts the decay
of the spectrum of the covariance matrix is conceivable but unlikely.

6.4.2 Evaluation at, in and out of the money

So far, we have used the anchor ANOVA with an anchor point a = (1.0, ..., 1.0) and we evalu-
ated our error at the same position, i.e., s** = (1.0,...,1.0), or to be precise, at the respective
log-space coordinate x*. When looking at an m-marginal, this amounts to replacing the pro-
cesses X;,1 € © \ m, by “processes” that remain constant, namely the respective components of
the anchor point a. This choice produces an error that gets worse when the point of evaluation s
does not coincide with the anchor point a. This is exactly what we want to examine in this set
of experiments by evaluating the error also at x°"* and x™.

Furthermore, we compare the anchor ANOVA (6.14) with the weighted ANOVA (6.15), see
Figure 6.18. In Figure 6.16, we learned that error estimates of our jump-diffusion model are
more erratic than those of the pure Brownian motion ones. So we repeat all experiments with a
diffusion-only model in Figure 6.19. Note there that the weighted ANOVA at the money results
in an error which is analytically zero as u; coincides with the distribution of the respective
component of X;. However, due to the Monte Carlo simulation, we still see a non-zero error.

The observation is that the weighted ANOVA, i.e., approximating X; by a similar ANOVA
measure, leads to an improvement when we evaluate at the same position as the anchor point.
When we consider in the money or out of the money options, the difference between the left
and right columns of Figures 6.18 and 6.19 is small. So we come up with the recommendation
to use the anchor ANOVA when evaluating anywhere else than the anchor point, but to use, if
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Figure 6.17: These plots show the estimated ANOVA approximation errors when a Brownian
motion process has no decay (6.19) in the importance of its dimensions (left) and
a fast decay (6.20) (right)

available, the weighted ANOVA when evaluating at the anchor point.

6.5 The ANOVA-PIDE approach for our ten-dimensional
problem

In this section, we single out five promising anchor ANOVA approximations and apply them
to the initial condition of the problem given in Section 6.4. Then, we use our PIDE solver to
compute all emerging subproblems and recombine the results as in (6.13), i.e.,

o) =Y (D (DF (o),

neG meG,mdDn

where 1, (x) is the numerical solution of our PIDE (3.25) at point in time 7 = T with initial
condition QY g. In doing so, we obtain the numerical solution of a ten-dimensional PIDE.

Our solutions 4, (x),n € &, are subject to space discretization, time discretization and local-
ization errors, and we quantify these by

ea(x) = |is(x) — us(x)| - (6.21)

Note that (6.21) can only be evaluated in the localized domain (3.9). In the end we are interested

in the total error

ee’ (x) = |is(x) — u(x)|

of our ANOVA-PIDE approach. A simple triangle equality

e&™ (%) = |ae (x) — ue (x) +ue(x) — u(x)| < e§(x) + eg(x) (6.22)
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reveals that we need to balance the ANOVA error eé and discretization error eg in order to
achieve a low total error eéop.

We now give a back-of-the-envelope calculation and discussion of the ANOVA and PIDE
errors for superposition dimension ds = 0. Given Figure 6.18, we assume the relationship

leall < e (6.23)

with ¢4 > 1, an Lo or Lo norm || - || and & ={m C ® :m C {1,...,d;}}. For the PIDE error
we assume
legl S cENTTP (6.24)

where N is the number of degrees of freedom, rp is the rate of convergence, which is constant or
decreases with rising d;, and ccllj is a constant factor (with respect to V) that grows exponentially
with the dimension. See [Gri06] for the case cp < 1, but we typically assume cp > 1.

Remark 6.1. Our computational effort stays linear in the number of degrees of freedom N.
Therefore, we use it as a proxy for our computational costs. Note that the error estimate (6.24)
does not account for time discretization and localization errors, which become relevant for
N — 0o0. However, to prove our main point, this error estimate is sufficient.

We now want to balance the errors on the right-hand side of (6.22). We assume (6.23)
and (6.24) to be sharp and thus we get

dg
legll = lleg]l & ¢ NP = 4 & N =~ (cpea) P .
For a rate rp(d;) = d%, which is common for function approximation with linear splines and
full grids, or sparse grids when the required mix-regularity is lacking, this results in

42
2t
N ~ (cpca)= .

For a dimension-independent rate of 2 as we expect it for sparse grids and sufficient regularity
of our solution, we get

U

N =~ (cpca)? .

d
So in the ideal case the required number of degrees of freedom only grows by (cpc A)% instead
2

of (CPCA)%. Nonetheless, in both cases the required number of degrees of freedom grows
exponentially with the dimension assuming cpcq > 1. Thus, independently of our rate being
rp(dy) =2 or rp(dy) = d%? a sensible choice for d; is generally quite small. The interpretation is
the following: An ANOVA approximation that includes high-dimensional terms has a high-level
of exactness, and thus the subproblems need to be solved with the same or greater accuracy
to reach the desired target accuracy. So with growing d; the error norm |[e&|| needs to decay
exponentially. If this is not possible, say the required N becomes too large, it is preferable in
terms of the error eéop to use a coarser ANOVA approximation with a smaller d; instead.

A calculation for superposition d; = 1 and the set

S={uU{k}:uc{l,...,di},ke{d+1,...,d}}
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reveals a similar result. With the coefficients from (2.82) it holds that

d

eq(x) =lis(x) —us| = | > . 4w (X) = (d—di = Diigy,.. g3 (%) — ue(x)
k=d;+1

d
< gy (%) = U1 d ey (X)] (4= di = 1) [, a,y (%) = ugr,a (X))
k=d:+1

and thus
leg]| < (d — dp)cE I NTPEHD 4 (d — dy — 1)eE NP < 2(d — dy) TN TP

so apart from the factor 2(d — d;) the result we get in terms of our PIDE error is close to (6.24)
with dimension d; + 1. Figure 6.18 suggests that (6.23) also holds for ds > 0, but with a higher
constant c4. Thus, the situation for dg = 1 is similar to ds = 0, and the number of degrees of
freedom needed for balancing e‘é and eg grows exponentially with d; as in the last paragraph.

Note that an elaborate error discussion for the ANOVA approximation in the context inte-
gration tasks can be found in [GH10b].

In the following, we conduct several experiments with different truncation and superposition
dimensions (and the corresponding index sets &) in order to back our considerations empirically.

As preparation, we sample 100 points (s;)1% uniformly from the cube

(57, 837) x -+ x (s, 53") (6.25)
—(1.0 — o(X1(T)), 1.0+ o(X1(T))) % -+ x (L0 — o(Xg(T)), 1.0 + o(Xa(T))) -

We regard the 100 randomly chosen points as representative for the domain (s, sU¢) x - -+ x
(s, s9u%), and we compute their corresponding log-space coordinates (x;)1% according to Sec-
tion 3.6. We estimate reference values u(x;) and ug(x;) by a Monte Carlo simulation with
1.0 x 10Y samples. Then, we start with the actual experiments: We apply the ANOVA approx-
imation to our ten-dimensional jump-diffusion example and solve the emerging subproblems

numerically with our sparse grid PIDE method. Now, we can compute the PIDE error eg(xi),

the ANOVA approximation error eé(xi) and the total error egop(xi) foralli=1,...,100, and
depict them graphically. As we cannot visualize a ten-dimensional space, we simply plot the
errors against the distance |s; — al; to the anchor point a = (1.0, ...,1.0).

Note that in the previous experiments, we centered our domain around our point of inter-
est and made the domain size dependent on the standard deviations of the stochastic process,
see (3.10) and (3.11) in Section 3.3. As setting up the discrete initial condition is getting in-
creasingly difficult for higher dimensions, we precompute it and reuse it for several experiments.
This means we no longer use problem-dependent domains, but restrict ourselves to domains in

the form (—¢, ()%

In the following, we try various combinations of truncation and superposition dimensions
to approximate our ten-dimensional model problem as discussed. In the subsection titles we
mention only the computationally most expensive subproblems.
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6.5.1 Approximation by one one-dimensional subproblem (d;, = 1,d,; = 0)

The case d; = 1,ds = 0 is the most simple approximation possible: Instead of solving a ten-
dimensional PIDE we only compute the first dimension and regard the remaining dimensions as
constant. Obviously, this choice results in a high ANOVA approximation error, but the resulting
PIDE problem is quite simple. For this computation we choose the Crank-Nicholson method
with 6 = %, 32 time-steps and a computational domain of (—¢,() with ( = 8. The absolute
error of the PIDE solver measured at point s = 1.0 is decreasing rapidly, see Figure 6.20.

In Figure 6.21 we see the quantities eg, eé and eéop evaluated at our reference points (x;)%9

plotted against the distance to the anchor point. The marks of the total error eéop are mostly
within the marks of the ANOVA errors eé, which shows that the PIDE error is negligible and
the ANOVA approximation error is dominating the total error.

6.5.2 Approximation by nine two-dimensional subproblems (d; = 1,d, = 1)

In order to improve the accuracy of our result, we now choose ds = 1. Then, next to the one-
dimensional problem, we also have to solve nine two-dimensional problems. The PIDE error
convergence plots are given in Figure 6.22. Note that here and in the following all computations
of the same dimension are given in the same plot. The two-dimensional subspace solutions are
computed with the same time discretization parameters as the one-dimensional ones and on
the domain (—(¢,¢)? with ¢ = 8. Again, we increase the number of degrees of freedom until the
localization and time discretization errors appear.

In Figure 6.23 we see that the ANOVA approximation error eé is significantly reduced, but

it is still larger than the PIDE error eg. As a result, the total error of our ANOVA-PIDE
approach eéop is mostly influenced by the ANOVA approximation error. This means we have

to improve the ANOVA approximation to achieve a higher accuracy.

6.5.3 Approximation by eight three-dimensional subproblems (d; = 2,d; = 1)

We increase our truncation dimension and set d; = 2. Now, we have to solve one two-dimensional
problem and eight three-dimensional problems. The error convergence plots are given in Fig-
ure 6.24. For the three-dimensional computations, we choose a log-space domain of (—¢,¢)?
with ¢ = 4.5. Choosing ( = 4.5 instead of ( = 8 as in the one- and two-dimensional subproblems
leads to an earlier onset of convergence as discussed in Subsection 6.3.1, but also results in a
higher final error: ~ 10~% instead of ~ 1075 as in the two-dimensional computations. Since we
would not reach the accuracy of 107° on a larger domain anyway simply because the required
number of degrees of freedom would be too large, it makes sense to settle with a reduced domain
size.

In Figure 6.25, we see that the PIDE and ANOVA errors are well balanced. For the first time
we are able to compute the solution of a ten-dimensional parabolic jump-diffusion equation
with a considerable level of accuracy. We now try to improve the accuracy further by choosing
an even better ANOVA approximation.
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6.5.4 Approximation by 28 four-dimensional subproblems (d; = 2,d; = 2)

We now use superposition dimension d; = 2. In addition to the two-dimensional problem and
eight three-dimensional problems, we now have to solve 28 four-dimensional problems. This is
especially challenging, since we have to achieve the same or even a higher level of accuracy for
more complex problems. Even worse, we loose some accuracy by adding up a larger number of
subspace solutions.

We compute the four-dimensional subproblems on the domain (—¢,¢)* with ¢ = 4. In
the error convergence plots given in Figure 6.26 we see that the convergence rate for the four-
dimensional subproblems is less than for the lower-dimensional ones, which comes as no surprise
as our payoff function from Subsection 6.1.4 lacks the mix-regularity required by sparse grids.

In Figure 6.27, we see that the ANOVA errors are very low and the total error is dominated
by the discretization error of our PIDE solver. Obviously, this choice of ANOVA approximation
parameters dy and dg is not optimal, and we try to fix this in the next subsection.

6.5.5 Approximation by seven four-dimensional problems (d; = 3,d, = 1)

In the previous subsection we had an example of numerically challenging subproblems whose
errors get amplified by adding up no less than 37 subspace solutions. It is preferable to lower
the superposition dimension to d; = 1 and to increase the truncation dimension to d; = 3.
This leads to one three-dimensional problem and seven four-dimensional problems only. The
parameters for computation are all chosen as in the previous subsections. Figure 6.28 shows
the convergence of the absolute PIDE error for the subproblems evaluated at the money. The
two types of error at our randomly sampled points in Figure 6.29 are now more balanced, but
still the PIDE error is dominating the total error.

6.5.6 Discussion

At the beginning of this section we conducted a rough error analysis and came to the conclusion
that the number of degrees of freedom used in our PIDE solver needs to grow exponentially with
the truncation dimension used in the ANOVA approximation. Then, we tried different choices
of ANOVA approximation parameters and solved the resulting subproblems with our sparse
grid PIDE solver. Our experiments support the theoretical finding: The case d; = 1,ds = 0,
see Figure 6.21, had an extremely low PIDE error eg and a high ANOVA approximation error,
but the situation quickly reversed for the case d; = 2,ds; = 2, see Figure 6.27, where the
PIDE solver accuracy posed the bottleneck. In order to evaluate which choice is optimal, we
summarize all total errors eéOP by a mean regression in Figure 6.30. Obviously, the best choice
is d; = 2,ds; = 1, and leads to absolute errors in the region of 1072 in the domain (6.25).
Depending on whether we look at our in the money, out of the money and at the money prices
this amounts to a relative accuracy of 0.6%, 5.3% and 0.17%, which is impressive considering
that we are dealing with a ten-dimensional non-trivial solution.

Note that all subspaces and their discretizations involved in this computation can in theory be
represented using a ten-dimensional generalized sparse grid. However, due to the 2¢ constants
in the computational complexity of the operator application, see Subsection 4.3.2, and the
redundancy of the generating system, see Section 4.2, this is not advisable. With the ANOVA-
PIDE approach, however, the same constants are limited to 2%+ds,
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problems that stem from the ANOVA approximation with d; = 2,ds = 2

m] ANOVA error eé
o PIDE error eg
* ANOVA+PIDE error e‘é"P

107!

102

1073

10~*

absolute error

10-°

1096

O

1077

| |
0.2 0.4 0.6
distance to anchor point

o -

Figure 6.27: This plot shows the errors eg, eg and eéop at 100 randomly sampled points (xi)}gq

for the ANOVA approximation with d; = 2,ds = 2



6.5 The ANOVA-PIDE approach for our ten-dimensional problem

147

three-dimensional subproblem four-dimensional subproblems

% 100 gmm 1 1 1 1 1 B 1 E T T T T T T T T T T I T T T T T T T T T T T
[N r E

o L B

S 107t} 1107t ]
O F B

% [ i

+ 1072 E E

< = B

5 i 1 1073 |
5107

g [ i

107 105 |
Q r ]

B T T T A T S AT R T M T T Y T T T 1 17 S M AT it
“ 10t 102 10* 10* 10° 10 107 10 102 10* 10* 105 10° 107

degrees of freedom

degrees of freedom

Figure 6.28: Absolute error of the PIDE solver for the three- and four-dimensional subproblems
that stem from the ANOVA approximation with d; = 3,ds = 1

T T T T B
1072 ¢ E
. i ]
-3 L N
510770 0 %,
= O ]
L = H Qp @ B
=04l O 8 " DEFQ i |
2107 ®E*p Fo o
C -t : o g ]
i 0o, ]
1072 | E
B O ]
L | | | | |

0 0.2 0.4 0.6

distance to anchor point

A AoP

Figure 6.29: This plot shows the errors eg, eg and eg®" at 100 randomly sampled points (x;)

o ANOVA error eé
o PIDE error eg
* ANOVA +-PIDE error egop

for the ANOVA approximation with d; = 3,ds =1

100
i=1



148 6 Numerical experiments with the Kou-model

1071 —o—d;=1,d, =0
—ady=1,ds =1
——d; =2,d; =1
——d; =2,ds =2

+dt :37d3 =1

absolute error
T T T
Lol !

1072

1073

| |
0.2 0.4 0.6
distance to anchor point

o

Figure 6.30: This plot shows the linear regression of the absolute errors eéop for different
ANOVA-PIDE approximation schemes

Is this necessarily the best method to solve the stated problem? It depends. The achieved
accuracy is well within the means of Monte Carlo methods, but we have to bear in mind that
we get the solution for different prices and times, whereas the Monte Carlo simulation can be
evaluated only for one maturity and one price. So our solution remains valid and can be relied on
after moderate changes of the underlyings or after some time passes. Monte Carlo simulations
typically need to rerun in these cases. Moreover, Monte Carlo simulations are harder to adapt
to American options and less useful to compute Greeks, i.e., derivatives of the solution with
respect to its parameters, than PDE/PIDE approaches.

There is another possibility to circumvent the curse of dimensionality: For index options a
straightforward approach could be to model the index price as a stochastic process and not
every single one of its constituents, so that we essentially get a one-dimensional problem. This
will work in many cases, but it is conceivable that this approach is not desired. If there is
a number of options to be priced based on different subsets of underlyings, the option prices
need to be consistent with each other, which is not guaranteed when all subindices are modeled
separately.

We believe that the ANOVA-PIDE approach offers a great tradeoff between computational
complexity and accuracy for this inherently challenging problem, and the case dy = 2,ds = 1
shows the potential of this approach.



7 Conclusion

In this final chapter we summarize the results of this thesis, we point to questions that have
been left unanswered and discuss how this work can be extended.

7.1 Summary

This thesis dealt with the numerical solution of the high-dimensional backward Kolmogorov
equation (1.1) and (1.2), i.e., the approximation of the expected value (1.3). Our approach
was to first use the ANOVA approximation as a robust, simple and yet effective method for
breaking the problem down to moderate-dimensional subproblems, and then to solve these using
a sophisticated generalized sparse grid approach.!

We started with an introduction in Chapter 1. In Chapter 2, we gave a comprehensive
description of the ANOVA decomposition and explored the interplay between different choices
of one-dimensional measures (2.44), unit functions (2.46) and our problem at hand: In certain
instances described in Subsections 2.3.1 and 2.3.2 we directly decomposed the solution of our
problem, but these approaches either only worked in R? without localization or were limited
to the multivariate Brownian motion, respectively. Only the decomposition applied to the
initial condition in Subsection 2.3.3 appeared feasible to us from a numerical perspective. By
applying the ANOVA approximation to the initial condition, we introduced an error that is
not subject to numerical convergence, i.e., the ANOVA approximation produces a modeling
error. Therefore, a wise choice of the initial approximation is important. Then, in Chapter 3
we described the discretization of the moderate-dimensional subproblems in space and time. In
Chapter 4 we discussed sparse grids as an alternative to discretizations based on regular tensor
grids. We focused on generating systems, described the single space matrix-vector multiplication
algorithm and gave a description of a variant of the unidirectional principle that works with
non-local operators. In Chapter 5 we focused on several ways to precondition the resulting
systems of linear equations. Most of the approaches were based on norm equivalences with
Lo-orthogonal subspaces, and they were computed either explicitly or implicitly. They were
similar to prewavelet approaches, but in our opinion easier to implement. Our presentation of
the OptiCom as a preconditioner for PDEs and PIDEs was a novelty in the sparse grid context.
We saw that this preconditioner is better than any a priori diagonal scaling but at additional
costs. However, these costs were reduced drastically using the matrix-vector multiplication
algorithm introduced in Subsection 4.3.1. In Chapter 6 we became specific about the problem
we want to solve and introduced a multi-dimensional Kou model that resulted in a sum of tensor
product operators. There, a recurrence formula previously only known for finite differences

!This concept is similar to data analysis, where the Principal Component Analysis is used as an initial and
drastic dimensionality reduction, and the moderate-dimensional output is used to feed more sophisticated
yet expensive methods, see [LVOT].
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could be used to apply this operator in linear runtime. We came up with a model problem
and observed that the ANOVA approximation error decays exponentially with the truncation
dimension. Typically the rate of decay is higher for a higher superposition dimension. A short
error analysis lead to the conclusion that balancing the ANOVA and PIDE discretization errors
requires an exponential growth of the number of degrees of freedom in our PIDE solver with
respect to the truncation dimension. This was confirmed in our numerical experiments, in which
the optimal balance was already achieved for d; = 2,d; = 1.

In summary, we can say we tackled a number of interesting problems. We made a consid-
erable amount of assumptions about our jump-diffusion model, but in the end we were able
for the first time to efficiently approximate the solution of a ten-dimensional BKE based on
a generalization of the Kou model. This is well outside the means of classical tensor product
methods, but also the sparse grid method benefits greatly from the initial application of the
ANOVA approximation technique.

7.2 Outlook

There are numerous ways to complement or expand this thesis:

e The ANOVA approximation of functions by a sum of moderate-dimensional functions
produces an additional modeling error that will not converge to zero.? However, new
techniques like the iterated ANOVA from Subsection 2.2.2 offer the possibility of numerical
convergence with low-dimensional functions only and should be looked into.

e Furthermore, a thorough error analysis for ANOVA approximations given different types
of stochastic processes and initial conditions would be interesting.

e We could not give a proof that the CG version of the OptiCom-method in Subsection 5.6.2
exhibits the improved convergence properties we are used from CG approaches, even
though the improvement was empirically present in all cases and only slightly smaller
than for the a priori scaling parameters.

e We assumed a jump-diffusion model with several terms of independent jumps in all com-
ponents. This proved helpful from an algorithmical perspective and can be regarded as
a low rank-approximation to a general Lévy measure, see Subsection 6.1.3. This route
could be pursued further to efficiently deal with general non-local operators.

e In future, we try to identify other suitable model problems for our method. This entails
options with early exercise features and path dependent options, but also applications
outside of financial mathematics.

2 At least as long as we do not use all terms of the ANOVA decomposition (2.53), which would render the whole
method pointless.
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